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Proboscidea

The order Proboscidea comprises three suborders and
about 300 species of terrestrial mammals. All but two
species, the Asiatic, or Asian, elephant (Elephas maxi-
mus) and the African elephant (Loxodontaafricana),are
extinct. The elephants are the largest surviving land ani-
mals and, among the mammals, are exceeded only by the
whalesinsize.

The Proboscidea are characterized by columnar limbs,
bulky bodies, and elongated snouts. I n recent forms, testes
are internal. The snout is a long boneless proboscis, or
trunk; it is a combination of the upper lips, paate, and
nostrils. Some of the incisor teeth develop into tusks. One
extinct suborder (Deinotherioidea) lost the upper tusks;
certain others have lost the lower ones and evolved upper
tusks of dentine from which the enamel has partially or
completely disappeared. The canine teeth were generally
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repressed in all groups, and the cheek teeth developed rows
of blunt cones or ridges. In later forms, the temporary
teeth were replaced by permanent ones, which are pushed
by an escal ator-like movement along a horizontal plane, so
that the front teeth were replaced by teeth moving forward
from the rear. The skull, which originally was elongated,
became shorter, higher, and bulkier in later forms. The
back of the eye orbit remained open instead of forming
a complete bony ring, and the nasal opening in all Probos-
cidea is at a higher horizontal plane than the eye sockets.
The neck shortened as the animals evolved larger, higher
bodies and an elongated trunk that also functions as a
hand. The skull has enlarged out of proportion to the
brain in order to serve as an anchor for the trunk and to
support the heavy dentition. This order occurs in all the
continents except Australia. Fossils of proboscideans pro-
vide valuable information about early humans who were
their contemporaries.

GENERAL FEATURES

Sizerangeand distribution. In Europe, the landmass
that broke up to form the islands of the Mediterranean
Sea harboured proboscideans. Three fossil species have

S been found in Malta; one had had a height of 2.1 metres,
or 6.9 feet (Palaeoloxodon mindriensis), another a
height of 1.5 metres, or 4.9 feet (P. melitensis), and the

7; third was less than one metre, or about three feet (P.
7 falconeri). P. creticus of Crete was 1.5 metres, and P.
NN cypriotis of Cyprus was 0.9 metre (three feet) in height.

In North America, a Mammuthusisolated on Santa Rosa
Island, off the coast of southern California, was probably
derived from Mammuthus meridionalis, a species that
stood 4.2 metres (13.8 feet) at the shoulders.

Elephas maximus asurus lived in Iran and Syria. Early
drawings of the animal and fragmentary skeletal remains
indicate that it was the largest subspecies of the Asian
elephant. The war elephants employed by Pyrrhus in
255 Bc and engraved upon Roman seals show animals of
unusual size. "Sarus," which signified "the Syrian," was
the outstanding animal in the elephant battle squadron of
the Carthaginian general Hannibal. In 1500 Bc elephants
(Elephas maximus rubridens) existed in China as far
north as Anyang, in northern Honan Province. Writings
from the 14th century state that elephants were still to be
found in Kwangsi Province.

Man as well as other environmental factors exterminat-
ed the woolly mammoth (Mammuthus primigenius) and
the imperial mammoth (M. imperator) about 10,000
years ago. Several races of the living species of Asian and
African elephants also died out by about 1500 Bc. The
small North African race became extinct by the 2nd cen-
tury Aap, and some of the American mastodons, such as
Cuvieronius postremus of South America, died out as re-
cently as the 4th century ap. The large African bush ele-
phants (L oxodontaafricana) were exterminated from the
Transvaa in South Africa early in the 20th century, but
they still occur over much of the continent south of the
Sahara Desert. A smaller elephant inhabits the forests of
western equatorial Africa, particularly in the Congo re-
gion. It is considered by some to be a subspecies (Loxo-
donta africana cyclotis) of the African elephant; others
believe it to be represented by severa subspecies; still
othersconsider it to be a separate species (L. cyclotis).

In Asia, elephants have been exterminated from Iran,

Early
human
records of
elephants

Iraq, Afghanistan, the northwestern part of India, and
from much of the Malay Peninsula, Java, and the greater
part of Borneo and Sri Lanka (formerly Ceylon). Iso-

Asiatic elephant

woolly mammoth
Y Elephas maximus

Mammuthus

African elephant
Loxodonta atricana

Figure 1: Representative fossil and living proboscideans.
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Capture of
elephants

lated colonies remain in forest areas of Mysore in the
peninsular part of India, in Assam, Nepal, Burma, Ma-
laya, southern China, Sri Lanka, Sumatra, Borneo, and
other islands of the East Indies.

Importancetoman. Elephants constitute the chief
source of commercial ivory. Because of the continuing
demand for this commodity, the animals are in danger of
extermination. Elephant "pearls" consist of concentric
layers of ivory deposited over a foreign object that has
been intruded into the soft ivory at the base of the grow-
ing tusk. From early times elephants have been used as
beasts of burden in India and Burma. Since they do not
breed freely in captivity, new stock for domestication is
often captured from wild herds. One method is to drive
them through a funnel-shaped stockade into a small en-
closure; trained tame elephants help to subdue, noose, and
train young captives for service. The training and handling
of an elephant are usually entrusted to one man, called the
mahout in India and the oozie in Burma; an elephant and
its keeper frequently became inseparable companions.

Trained elephants carry humans in a howdah, or minia
ture hunting lodge, on their backs. They are used to move
timber or other heavy materials.

In modern times, African elephants have been trained
for labour only since late in the 19th century; however,
they were used by the Carthaginians in wars with the
Romans. Elephants depicted on Roman medals of the
2nd century Aap have heads and bodies of the Asian but
earsof the African species. Thissuggests that both species
at that time were tamed. Elephants were used as execu-
tioners in Roman amphitheatres and for military pag-
eants. They are still used in exhibitions at circuses,
carnivals, and zoological parks. In warfare elephants
have been used to drag heavy equipment, especialy
through mud and up steep slopes. Aslate as World War
11, they were of value in military movements over the
mud-clogged roads of Southeast Asia

The association between man and elephants goes far
back into mythology, and a rich folklore has developed.
Bracelets of hairs from the tail of a freshly-killed or
living elephant are prized as good-luck charms.

Attempts to locate the legendary "graveyards" to which
old elephants allegedly resort when near death have been,
for the most part, unsuccessful. The groups of buried
elephant remains that have been found probably repre-
sent sites where elephants drowned in bogs or rivers or
perished from imbibing poisonous water.

NATURAL HISTORY

Reproductionand life cycle. Tuskers, or tusked bulls,
occasionally fight brief, savage duels that may end in
death for the defeated animal. A duel between tuskless
elephants may last for days, with occasional periods of
rest. The female selected from the herd by the winner
often makes an apparent attempt to escape from him.
After a brief preliminary courting, the male mounts the
female from behind, leaning over her back and either
gripping her body or resting his forefeet upon her pelvis,
and assumes a standing posture. Copulation lasts for
about 20 seconds, with very little movement or noise.
Mating continues promiscuously for about two days,
after which the most powerful bull drives off the others
and remains with the cow for about three weeks. The
period of gestation varies from 20 months for a female
caf to 22 months for a male. When parturition is about
to occur, the herd surrounds the cow, who assumes a
squatting position while giving birth.

In regions where large carnivores, such as tigers, prey
upon newborn elephants, the cow seeks a female asso-
ciate. The mother and the other elephants in the herd
blow dust upon the moist, newborn caf to dry it. Two
hours after birth, the baby is able to stand and is suckled.
The mother and calf then join the herd.

Tame cows begin breeding at the age of eight or nine
years; tame bulls begin when about 11 or 12 yearsof age.
The interval between the birth of successivecalvesis'about
four years. In captivity cows are known to continue
bearing calves until 60 or 70 years of age.

The newborn elephant is about one metre (three feet)

high and weighs about 90 kilograms (200 pounds). It is
covered with yellow and brown hair. After afew months
the hair on some parts of the body is aslong as that in
the extinct mammoth. In E. maximus thereis also a pink-
ish patch around each eye, and when the caf is about
five months old, a faint whitish patch develops on each
cheekbone. As this patch spreads, similar patches appear
upon the trunk and ears. In the more easterly races of
Malaya and Sumatra there are only a few gray spots.
The hoof nails, which are dark at first, gradually become
lighter. When the elephant is about eight years old, a
thick oily secretion known as musth, or must, begins to
flow from a gland in the temporal, or temple, region. It
occurs in both sexes, but is more active in males. The se-
cretion increases each year until it drips into the ele-
phant's mouth. Some authorities believe that the function
o the secretion is to inhibit feeding; others believe it has
some effect on sexual activity.

An elephant is not fully grown until it isabout 25 years
old. In the wild, the average life-span is about 80 years,
but under optimum conditions an elephant may live for
120 years.

Behaviour. The organization of an elephant herd is
often according to age and sex. In Elephas, athough
herds of 10 or 15 females and their young may appear
to be under the leadership of a large female, and their
organization matriarchal, young adult males are always
in the vicinity, as is the real leader of the entire group, a
large male. The leader may be accompanied by one young
adult male who acts as a scout, warning the leader of
danger. The herd also has a system of scouts, and, before
emerging into an open area, one of the scouts usualy
explores it. If no danger is apparent, he signals by trum-
peting to the herd to advance. Individuals often serve as
guards while the rest of the herd feeds or bathes.

The herd is held together both by blood relationship and
by a strong sense of companionship. If an individual is
injured, three or four otherssurround it, shielding it from
danger, supporting it, and helping it to move away. A calf
that has lost its mother is adopted by the other cows in
the herd even if they have their own calvesto raise.

Ecology. Elephants clear paths through forests that
are too dense for other animals. Many modern roads in
elephant-inhabited countries originated in this manner.
Elephants browse to a height of about five metres (16
feet), thereby increasing the amount of sunlight available
for shrubs. Their uprooting of grass and roots aerates the
soil and stimulates the growth of plants that replace the
ones devoured. Mud wallows frequented by elephants
arefertilized by their excreta.

An elephant may destroy or discard as much vegetation
as it consumes. An adult may eat between 250 to 350
kilograms (550 to 750 pounds) of solid food each day.
When grazing, the animal uses its trunk or forefoot to
gather grass, which is slapped against a forelimb to rid it
of sand. In rainy weather, when soil is more difficult to
shake off, the animal browses. Asian elephants break off
branches; African elephants are more likely to push over
trees. The wood apple (Feronia elephantorum) is a fa-
vourite food of the Asian elephant. The animal also eats
wild rice that grows in forest lakes and various other
aquatic plants. The African bush elephant eats the fruit
of various palm trees. The spongy wood of the baobab
tree provides some water during periods of drought.

FORM AND FUNCTION

Extantforms. The adult elephant has a tuft of hair at
the tip of the tail and sometimes a patch of hair on the
head. The limbs are adapted for bearing great weight:
the legs are straight and pillar-like, and the bones of the
joints are flat at the articular surfaces. Each toe has a
heavy hoof nail; the weight is borne on thick pads behind
the toes. The nose and upper lip are extended into a long
trunk, which contains the nasal passages and has nostrils
at the tip. Water for drinking is sucked into the trunk
and then discharged directly into the mouth. The trunk is
used for placing food into the mouth, for spraying and
dusting the body, for lifting or moving heavy objects,
and even for throwing objects at man.

Appear-
ance of
elephant
calf

Feeding
habits



Albinos

The upper second incisors are typicaly developed into
ivory tusks, the longest and heaviest teeth of any living
animal. Canine teeth are absent. The complex molars are
of the high-crowned type, with transverse rows of enamel
ridges on the grinding surface, which isoften traversed by
alongitudinal median groove. There is normally only one
complete functional tooth and half of a second one at a
time on each side of each jaw. These are replaced hori-
zontally from the rear as they wear away.

The Asian elephant (Elephas maximus) and its races
are distinguished from the African elephants by being
somewhat smaller and by having relatively small ears
with the upper edge curled forward. The head is more
domed, is structurally more complex, and has a greater
development of diploe, or bony cell cavities. E. maximus
aso has high-crowned teeth and a relatively smooth
trunk with a single fingerlike projection at the tip.
Adult bulls weigh up to six tons and commonly stand 3.3
metres (10.8 feet) at the withers. Only the males develop
tusks, which average 1.5 metres (4.9 feet) in length,
the pair weighing about 32 kilograms (71 pounds). These
develop flat, longitudinal planes of wear near the tip.
Tusks 2.7 metres (8.9 feet) long and 68 kilograms (150
pounds) in weight have been recorded. About 90 percent
of the males of the Ceylonese race lack tusks, Sumatran
elephants are of slighter build and have longer trunks.

In contrast to the Asian species, the African bush ele-
phant is generally larger. This and the forest form have
extremely large ears (one metre in breadth), with the
upper edge curled backward, and a roughened, heavily
ringed trunk with two projections at the tip. The molars
are of coarser construction, have fewer ridges, are less
crenulated (scalloped), and consist of a thicker surface
o enamel over thick plates of dentine. The top of the
head is not domed, and the forehead is more convex. The
tusk tips are usually conical, the legs are longer, and the
eyesare relatively larger than those of the Asian elephant.

The average height of adult bull bush elephants is 3.3
metres (10.8 feet) at the shoulder, and the average
weight is six tons. Cows are about 0.6 metre (two feet)
shorter. Both sexes possess tusks, which average about 1.8
metres (5.9 feet) long, the pair weighing 36 to 55 kilo-
grams (79 to 121 pounds). A pair of tusksin the British
Museum weighs about 133 kilograms (293 pounds); the
larger one of the twois 3.5 metres (11.5 feet) long, with a
basal circumference of 46 centimetres (18 inches). The
largest elephant on record, a bull bush elephant killed in
the Cuando river district of southeastern Angolain 1955,
is on display at the Smithsonian Institution in Washing-
ton, D.C.; it probably weighed 10 tons when alive and
stood four metres (13 feet) at the shoulder. Adult forest
elephants are about 2.1 metres (6.9 feet) tall and weigh
1,225 kilograms (2,700 pounds), with slender tusks that
are often more than three metreslong. The earsare rela-
tively small and smoothly rounded at the margins.

Albino, or “white,” elephants occasionally occur, espe-
cially in Thailand and Burma, where they are regarded
by some as semisacred.

Themammoth. ThegenusMammuthuscontains some
of the largest members of the family Elephantidae. Cer-
tain ones reached a height of over 4.2 metres (13.8 feet)
at the shoulders. One was M. meridionalis of Asia and
Europe, and the other was M. imperator, which entered
North America during the upper Pleistocene.

The genus also contains one of the most specialized
members of the family, the woolly mammoth, M. primi-
genius, which probably became extinct about 10,000
years ago. It inhabited the sub-Arctic area of Asia and
Europe and eventually entered North America over the
Bering Strait; it travelled southward across western
North America almost to Wyoming, then spread east-
ward toward Lake Michigan. Its height of 3.3 metres
(10.8 feet) at the shoulders equalled that of alarge Ele-
phas maximus, but the body was relatively shorter, and
the hindquarters sloped downward. Its skull was com-
pressed from front to back. As an adaptation to its cold
environment, the woolly mammoth evolved small ears, a
short goatlike tail, and a coat of dense, furry, short hair
overlain by longer, bristly hair. It aso had a humplike re-
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Figure 2: Skull and tooth movement in a mammoth (Mammuthus
primigenius).

Drawing by Christian D Olsen; adapted from A.S. Romer, Vertebrate Paleonfoiogy.
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serve of fat upon the top of the head and on the shoulders.
A subcutaneous layer of fat about eight centimetres thick
covered the body. The molars had as many .as 27 lamel-
lae, or plates. The tusks of the male were about 4.8
metres long. Their almost circular curvature and great
size suggest that they may havefunctioned as shovelsfor
exposing vegetation buried under snow. The mammothis
one of the few extinct proboscideans in which the car-
cass has often been completely preserved. Among the
best known are two from Siberia— one discovered near
the mouth of the Lena River in 1804; the other in the
bank of the Beresovka River in 1900.

EVOLUTION anp OLASSHCATION

Historical development and paleontology. The order
Proboscidea has evolved from unknown ancestors that
were not much larger than pigs. They flourished during
the Paleocene Epoch (65,000,000 to 54,000,000 years
ago). During the course of evolution, the lower jaw elon-
gated beyond the upper, and the tusks projected well be-
yond the upper ones. At this stage the nose, palate, and
upper lips developed into an elongated fleshy cover to the
projecting lower jaw. It is probable that the nostrils
opened well above the extremity of this flap and were
near the eyes. A longer lower jaw proved less useful than
a shorter one, so the upper flap was converted into a
multipurpose tubular proboscis. Because the nostrils
shifted to the tip of the proboscis, the animal was able to
breathe while submerged in water. When so submerged,
the animal had to rely on its sense of smell more than
sight to detect approaching predators.

The suborder Deinotherioidea, consisting of one genus,
isan early branch of the main proboscidean stock of the
Eocene Epoch (54,000,000 to 38,000,000 years ago).
They lost their upper tusks and developed a downward-
hooked, tusk-tipped mandible. Numerous species of the
suborder occurred in Asia, Europe, and Africa and per-
sisted into Pleistocene times (2,500,000 to 10,000 years
ago). The largest was the European Deinotherium gigan-
tissmum, which reached a height of 3.8 metres (12.5
feet) at the shoulders and existed during the Pliocene
Epoch (7,000,000 to 2,500,000 yearsago).

In the suborder Mastodontoidea, the family Gompho-
theriidae comprises 15 genera, including the earliest mem-
bers of the order, Phiomia and Palacomastodon. The
former were the size of donkeys, but the latter were as
large as a modern Asian cow elephant. In thisfamily the
skull and neck are elongated, and the teeth low crowned.
The second incisors are enlarged; the upper ones are
compressed and vertical, and they retain a band of enam-
el. In the later evolved genera, the lower pair are bent
forward, depressed, and expanded into shovellike struc-
tures that do not meet the upper tusks. The canines are
absent. Among this family are Cordillerion of North
America and Cuvieronius of South America. The latter
became extinct as recently as Aap 200 to 400.

Phiomia, which occurred in Egypt and India, was an
archaic shovel-tusked form with an elongated neck. It

Origin of
the
proboscis
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flourished during the Oligocene (38,000,000 to
26,000,000 years ago). The mandible and its tusks be-
came more shovellike in Amebelodon and Platybelodon
of the Miocene (26,000,000 to 7,000,000 years ago).

In Palaeomastodon the skull shortened, and the tusks
assumed a cylindrical shape. The genus occurs in middle
Oligocene deposits of Egypt. In some later genera, such
as Anancus and Stegomastodon, the jaws shortened and
the lower tusks disappeared. | n some shovel-tuskers, the
mandible remained enlarged and continued to function as
ashovel for digging plant bulbs. It was probably protect-
ed by a horny pad.

Mastodontidae contains the single genus Mastodon. It
lacked lower tusks. The tusks were about two metres
(seven feet) long. Some species attained a height of about
three metres (ten feet), and were covered with hair. Parts
of carcasses of the recently extinct American species Mas-
todon americanus have been discovered in peat deposits
and swamps.

The earliest proboscideans in Asia are Phiomia, Gom-
photherium, Platybelodon, and Serridentinus, of the fam-
ily Gomphotheriidae, and Stegolophodon, of the family
Elephantidae. All occurred in the Miocene of China and
some in Burmaand India

In the suborder Elephantoidea, Stegolophodon is inter-
mediate between the mastodons and elephants proper.
Although this genus first appeared during the Miocene of
Europe, Asia, and Africa, it persisted into the upper Pleis-
tocene of these continents.

Stegodon, which occurred during the Pliocene in Asia
and during the Pleistocene in Africa and Asia, evolved
from Stegolophodon. The skull enlarged, the jaws short-
ened, and the lower tusks disappeared. Stegodon zhao-
longensis of China was a large species with the most
primitive teeth in the genus. The tusks of some species
such as Stegodon magnidens of India were about 3.3
metres (10.8 feet) in length; in others, however, they
were feeble. The molars were usually low crowned, and
the depression between each pair of dental folds or plates
was Y-shaped, rather than V-shaped or U-shaped as in
other elephants.

The genus Mammuthus includes all species formerly
placed under Archidiskodon, Metarchidiskodon, Parele-
phas, and Stegoloxodon. Its species occurred in the Pleis-
tocene of Asia, Europe, America, and Africa. Severa
species had great bulk and heavy tusk development.

On various occasions during the Pleistocene Epoch, nor-
mal-sized elephants that inhabited a continent were iso-
lated when a part of the landmass was separated into
islands by the submergence of low-lying land. As these
isolated colonies of elephants multiplied, their fodder
supply decreased, and the animals gradually became
smaller—an unsuccessful measure against extinction.
This process is evident in the East Indies and Philippines,
in the islands of the Mediterranean Sea, and in certain
islands off the coast of southern California.

Classification. Distinguishing taxonomic features. The
proboscideans are classified largely according to body
size; shape of the skull; dentition; and the shape, size, and
degree of reduction of enamel in the tusks. Groups
marked with a dagger (f) are extinct and known only
from fossils.

Annotated classification.

ORDER PROBOSCIDEA

Oligocene to present; North America, Eurasia, and Africa
H -bodied graviportal? animals with snout prolonged into
a?lagy proboscis (trunk). Tusks developed from upper or
lower incisors or both; canines absent; cheek teeth with trans-
verse rows o blunt cones or ridges. Skull short, high; nasal
openings at a higher horizontal plane than eyes. B Sze
medium to large; shoulder height from about 1 m (about
3 ft) to more than 4 m (13 ft). About 300 species, all ex-
tinct but two.

tSuborder Deinotherioidea
tFamily Deirtotheriidae

Lower Miocene to upper Pleistocene; Europe, Asa, Africa
UTpper tusks lacking; lower tusks curving downward from tip
of lower jav. One genus (Deinotherium); many species
height to about 3m.

‘tSuborder Mastodontoidea
tFamily Gomphotheriidae

Lower Oligocene to Recent (Ap 200-400); Europe, Asia,
North and South America. Skull and neck elongated. Teeth
low-crowned; succession vertical. Later genera with protrud-
ing, shovellike lower incisors, others with substantial upper
tusks and no lowers;, premolars with 2 transverse crests,
molars with 3. About 15 genera, several dozen species; shoul-
der height about 1 to 3m.
tFamily Mastodontidae (m:s odons)

Lower Miocene to upper Pleistocene (possibly to early it
ic times); Europe, Asia, Africa, North America. Molars With
rounded prominences, but no ridges; lower tusks absent, but
upper incisors substantial, reaching over 2 m in length in
maes o some species. One genus (Mastodon), many species,
shoulder height to at least 3m.

Suborder Elephantoidea
Family Elepharztidae (elephants and mammoths)

Lower Miocene to present; fossls from Europe, Asia, East
Indies, Africa, and North America; Recent ies from Afri-
ca (Loxodonta) and southern Asia (Elephas) which have
probably evolved from Stegolophodon. Six genera, with sev-
eral dozen fossil and 2 Recent species; shoulder height from 1
to about 35 m. The epiphyses (ends of long bones in limbs)
do not fuse until the last molars appear. The molars are re-
Bla)ed at least three times. Marrow disappearsfrom the limb

early in adulthood.

BIBLIOGRAPHY. L.s. DE cAmp, Elephant (1964), suitable
for speciaist and nonspeciaist alike; rRicHARD CARRNGION,
Elephants:. A Short Account of Their Natural History,
Evolution and Influence on Mankind (1958), an excellent
study o living as well as extinct forms; p.E.p. DERANIYAGALA,
Elephas maximus, the Elephant of Asia (1951), with much
naw information on the Asian elephant; and Some Extinct
Elephants, Their Relatives, and the Two Living Species (1955),
a remarkable miscelany of elephant lore and observation,
ancient and recent; HENRY F. 0SBORN, Proboscidea (1939), an
extremely detailed and comprehensive pioneer work; A.s.
ROMER, Vertebrute Paleontology, 3rd ed. (1966), a sine qua
non for students d proboscidean evolution; IVAN T. SANDER-
soN, The Dynasty of Abu: A History and Natural History of
the Elephants and Their Relatives, Past and Present (1962),

a good al-around work.
(P.E.PD)

Procedural Law

Law, to beeffective, must go beyond the determination of
the rights and obligations of individuals and collective
bodies to an indication of how these rights and obliga-
tions can be enforced. It must do this, moreover, in a
systematic and formal way. Otherwise, the numerous dis-
putes that arise in a complex society cannot be handled
efficiently, fairly, without favouritism, and, equally im-
portant for the maintenance of social peace, without the
appearance of favouritism. This systematic and formal
way is procedural law. Procedural law, then, consti-
tutes the sum total of legal rules designed to insure the
enforcement of rights by means of the courts, and thus
contrasts with substantive law, the sum total of the rules
determining the essence of the rights and obligations.
Since procedural law isonly a means for enforcing sub-
stantive rules, there are different kinds of procedural law,
corresponding to the various kinds of substantive law.
Criminal law, for example, is the branch of substantive
law dealing with punishment for offenses against the
public and has as its corollary criminal procedure, which
indicates how the sanctions of criminal law must be ap-
plied. In many countries there is an administrative pro-
cedure for the enforcement of various rights, obligations,
and interests regulated by administrative law. Substantive
private law, which deals with the relations between private
(that is, nongovernmental) persons, whether individuals
or corporate bodies, has asits corollary the rules of civil
procedure, and it iscivil procedure towhich this article is
limited. In many countries, private law itself issubdivided
into two branches, civil law, the law dealing with non-
business relationships, and commercial law, dealing with
business relationships. Each often has its own set of
courts. In such countries, it is, then, possible to subdivide
civil procedure in general into two branches, civil pro-
cedurein the strict sense and commercial procedure.
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Private law, as opposed to criminal or administrative
law, does not usually require the parties to choose the
courts to resolve their disputes. They may, in fact, and
frequently do submit the disputes to one or more private
individuals for resolution. A private individual chosen to
resolve a disputein a binding (rather than merely adviso-
ry) fashionisusually referred to asan arbitrator, and the
procedure under which he acts, asarbitration. At present,
arbitration also is ordinarily clothed with some form of
governmental sanction; indeed, in some countries, in par-
ticular in England, arbitration and ordinary civil pro-
cedure may be quite closely connected.

Since each system of substantive law in the world must
obviously be accompanied by a system of procedural law,
the different systems of civil procedure existing in the
world aretoo numerous to be discussed within the frame-
work of one article or, indeed, an entire volume. This
article deals comparatively with some of those systems of
civil procedure that have had more than local or tempo-
rary significance. Procedure under U.S. Federal Rules of
Civil Procedure, which is a good example of a modern
Anglo-American procedure, and those of the French and
Austrian codes of civil procedure, which represent dif-
ferent European views of civil procedure, recelve the
main emphasis.

Historical growth of procedural law

ROMAN LAW

Civil procedure in ancient Rome had a marked influence
on later development on the European continent and, to
some extent, in England. The procedure of very early
Roman law left little permanent impact on the law.
Highly formalized, it was based on strict compliance with
rulesof pleadingsand was replaced during the 1st century
BC by the more flexible formulary procedure that in some
respects bears marked similarity to Anglo-American civil
procedure. Law suits were divided into two phases. In the
first phase, devoted to defining the issues, the parties pre-
sented their claims and defensesorally to a judicia official
called a praetor, whose main function wasto hear the alle-
gations of the parties and then to frame a formula or
instruction applicable to the issue presented by the par-
ties. The praetor did not decide the merits of the case.
Instead, with the consent of the parties, he selectedfrom a
list of approved individuals a private individua (judex),
whose duty it was to hear witnesses, examine the proof,
and render a decision in accordance with the applicable
law contained in the formula. There was no appeal. The
procedure facilitated growth and change in the law: by
adapting existing formulas, or modifying them, the prae-
tors were, in effect, able to change substantive rules of
law.

Theformulary system with its separation of fact finding
and determination of the law was not followed in the
provinces conquered by the Romans. There, administra-
tive officials rendered justice under general administrative
powers. I nthe lateimperial period, the procedure used in
the provinces was also introduced in Rome itself. The
creative role of the praetor came to an end, the formulas
were abolished, and the division of a lawsuit into two
phases was also terminated. Lawsuits were now initiated
by a written pleading. Appeals from lower to higher
judges became possible, and the procedure lent itself to
delay. As a result, parties often submitted their disputes
to arbitration or to religious leaders for settlement. Con-
sequently, the leaders of various religious communities,
including in particular those of the Christian Church,
came to exercise judicia functions that in the very late
Roman Empire received a degree of state recognition.

MEDIEVAL EUROPE

The Germanic tribes that conquered the Roman Empire
in the 5th century carried their own procedure with them
into the conquered territories. That procedure was quite
formalistic: in court, which often was the assembly of all
thefreeborn men of the district, the parties had to formu-
late their allegations in precise, traditional language; the
use of improper words could mean the lossof the case. At
this point the court determined what method of proof
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should be used: ordeal, judicia combat between the par-
ties or their champions, or wager of law (whereby each
side had to attempt to obtain more persons who were
willing to swear on their oaths as to the uprightness of the
party they were supporting). Roman law procedure,
however, never entirely disappeared from the territories
conquered by the Germanic tribes. I n addition, a modified
form of late Roman procedure was in use in the ec-
clesiastical courts that applied the still-developing canon
law. This late Roman and canonical procedure appears
to have been preferable to the Germanic procedure and
gradually supplanted it in Italy and France, and somewhat
later in Germany, though all elements of the Germanic
procedure did not disappear. | n Scandinavia, on the other
hand, indigenous procedure was able to resist displace-
ment by foreign law.

The Roman-canonical procedure, with its heavy reli-
ance on written, rather than oral, presentations, neces-
sitated representation by learned counsel. The whole
procedure wasdivided into rigid stages. Precise rules gov-
erned the presentation of evidence; thus the concordant
testimony of two male witnesses usually amounted to
"full proof," and one witness was ordinarily insufficient
to prove any matter, unless he was a high ecclesiastic. A
court order was needed before testimonial evidence could
be used; witnesses were ordinarily examined not before
thefull court but by a judge, with a court clerk or notary
committing the witnesses' testimony to writing for later
submission to the court. This complex procedure was
ill-suited to the day-to-day needs of commerce; as a re-
sult, special courts operated by and for businessmen
sprang up in important mercantile centres (maritime
courts, commercial courts) to deal with matters of inland
and maritime commerce.

Asthe Middle Agesended, there was an increasing ten-
dency to favour written over oral evidence. At the same
time, there was a tendency to "nationalize" the general
Roman-canonical procedure prevalent in much of Eu-
rope and to create national procedural laws. In 1667 in
France, this led to the enactment by Louis X1V of the
Ordonnance Civile, also known as Code Louis, a compre-
hensive code regulating civil procedurein all of Francein
a uniform manner. The Code Louis continued, with some
improvements, many of the basic principles of procedure
that had prevailed sincethelate Middle Ages.

COMMON LAW IN ENGLAND

Originally, procedure in English local and feudal courts
resembled quite closely that of other countries with a
Germanic legal tradition. But unlike the countries on the
continent of Europe, England never romanized its indig-
enous procedure once the latter had become inadequate
but instead developed a procedure of its own capable of
substantial growth and adjustment. That England was
able to do this seems to have been due to two reiated
factors, both the result of the strong monarchy that fol-
lowed the Norman invasion: the growth of the jury sys-
tem and the establishment of a centralized royal court
system. Theformer offered a substitute f or the antiquated
methods of proof of the traditional Germanic law—-or-
deal, trial by battle, and wager of lav—and the latter led
to the creation of a definite legal tradition, the common
law, and to the administration of justice through perma-
nent professional judges, and their attendant clerks, in-
stead of the popular assemblies or groups of wise men
who rendered justice elsewhere (see also JURY; COMMON
LAW).

Royal courts could be used only if permitted by a special
royal writing, or writ, issued in the name of the king.
Suchwritswere at first issued when there was a complaint
that local or feudal courts were not rendering justice.
Later, they were issued in cases involving land; such a
writ might direct the defendant to return the land or
explain why he refused to do so or, later on, direct the
sheriff to bring the defendant before the court sc that he
might answer for his conduct. Eventually the writs be-
came standardized. Through ingenious fictions (assump-
tions, for judicial purposes, of facts that do not exist),
substantially all litigation not reserved to the ecclesiasti-
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cal or other specialized courts could be brought before
the royal courts, a situation preferred by suitors, since the
royal courts abandoned much of the awkward Germanic
law of proof in favour of trial by jury sooner than did
local courts.

Asthe system of royal courts developed, the parties, or
rather their counsel, formulated the issues to be settled
through their "pleadings™ before the court in London;
after that the issues would be tried before a jury in the
county where the facts arose. The mechanics of pleading
gradually became quite complex. Originaly, Germanic
pleading practices, which involved oral formulation of
Issues in rather precise words, prevailed. Eventually, the
clerks of the court wrote a summary of these oral plead-
ings and later recorded the entire substance. The plaintiff
had to plead facts that came within the writ used to start
the action; the defendant could either generally deny the
factsasserted by plaintiff or assert specific defenses.

The complexities of the common-law procedure led
some partiesto request relief directly from the king, who
in medieval theory was considered as the ultimate foun-
tainhead of justice. These requests were transferred to the
royal chancery —that is, the office of the lord chancellor
— which, inthisway, developed into another court; it was
supposed to deal "' equitably" with casesin which the strict
rulesof thecommon law failed. I n the course of timethis
function of the chancery developed into a body of well-de-
fined rules known as "' equity." Until the 16th century, the
chancellors were generally ecclesiastics; hence procedure
in chancery to obtain equity was to some extent in-
fluenced by canonical procedures. I n particular, there was
no jury trial, no writ circumscribing a precise cause of
action, and soforth.

The procedure of the common-law courts and the exis
tence of a separate procedure for equity matters were both
taken over in the United States. I n the 19th century there
developed in both England and the United States move-
ments to simplify procedural complexities. These in-
volved several related approaches: (1) areformin court
organization, doing away with separate courts of equity
and, to the extent they existed, with coordinated common-
law courts of genera jurisdiction and establishing a more
rational system of appeals courts; (2) a reform of plead-
ing, abandoning largely the need to plead a specific cause
of action based on writs, and giving judges power to
promulgate rulesof procedure.

The reforms were not entirely successful; early court
decisions interpreted the revised pleading rules in a re-
strictive fashion, and the merger of common-law and
equity courts did not result in a complete merger of pro-
cedures. U.S. federal and state constitutions, for example,
guaranteed a jury trial in all cases at common law, but
not inequity.

PERIOD OF NATIONAL CODIFICATIONS IN EUROPE
Dissatisfaction with the system of judicial administration
was a major cause of the French Revolution of 1789. One
of the earliest actions taken by the newly constituted
National Assembly was the creation of a new court sys
tem (1790). But no reform of alasting nature was under-
taken in thefield of civil procedure. The introduction o a
jury system was debated but was adopted for criminal
casesonly.

Napoleon attempted to restore normality and unity to
France after the Revolution through the creation of codes
encompassing an entire field of law and containing the
best of both the old pre-Revolutionary and the Revolu-
tionary law. His Code of Civil Procedure of 1806, how-
ever, relied heavily on the 1667 code but continued cer-
tain procedures created during the Revolution.

During the 19th century, codifications of procedural law
were enacted in other countries (Italy in 1865 and Ger-
many in 1877). They usually retained large elements of
the Roman-canonical or French procedure and were of-
ten cumbersome and slow. Austria departed from the
Roman-canonical model in 1895 with the adoption o a
new Code of Civil Procedure. The new code adopted
comprehensively the principle of oral presentation: only
matterspresented orally in open court were important for

adecision of the case; writings could have only a prepara-
tory role; witnesses were no longer heard before a dele-
gated judge who prepared a written record but by the
court or judge that actually decided the case; finaly, the
parties were obligated to present their cases fully and
truthfully, and the judge was directed to make certain
that all relevant facts were stated. These notions were
widely followed by other countries when they amended
their codes o civil procedure. Recent changes made in
the French Code of Civil Procedure (particularly in 1958
and 1965) were to some extent inspired by the Austrian
model. A somewhat contrary trend occurred in Italy,
however, where later amendments to the more progres-
sive 1942 Code of Civil Procedure to some extent re-
emphasized written presentations. A step contrary to some
modern European thinking was also taken by the new
Belgian Judicial Code of 1967 (effective 1969). It re-
duces the role of the judge and correspondingly increases
that of the parties and their counsel. Even more atypical
have been developments in Japan. That country adopted
a Code of Civil Procedure, very largely modelled on the
German Code of 1877, in the year 1890. In 1926, the
code was amended in order to expedite procedures. Aus-
trian ideas about the role of the judge were heavily relied
on. But after the defeat of Japan at the end of World War
11, an attempt was made to introduce some of thefeatures
o the American civil trial, with its heavy reliance on the
presentation of facts by the parties' attorneys and the
correspondingly less significant role of the judge. For a
variety of reasons, the attempt was not entirely successful.
Present Japanese law blends a procedure largely based on
the German model with some features of Anglo-Ameri-
can origin.

Elementsof procedure
CONSIDERATIONS PRIOR TO TRIAL OR MAIN HEARING

Jurisdiction,competence, and venue. The words juris-
diction and competence refer generally to the power of
an official body (legislative, judicial, or administrative)
to deal with a specific matter. This article is concerned
with judicia jurisdiction, the power of a court to act.
That power may depend on the relationship of the court
to the subject matter of the action; in such an instance
one speaks generally of subject matter jurisdiction. The
jurisdiction of a court may also depend on the rela-
tionship between the court and the defendant in the
action. Asto that relationship, important conceptual dif-
ferences exist between the countries of the common-law
orbit, which usually refer to this problem as the question
o "jurisdiction over the defendant™ and countries with a
continental European tradition, which are likely to sub-
divide the problem into questions of "international juris-
diction" (i.e., which country may take the case) and
questions of "territorial jurisdiction™ (i.e., courts in which
part o the country may take the case). In the United
States, questions of jurisdiction are complicated by the due
process clause of the Constitution, which imposes limits
on the states' power to confer jurisdiction on their courts.
It has been suggested that the word jurisdiction should be
used only when discussing the power of the courtsin a
state generally to act in a given situation without violat-
ing the due process clause, whereas the word competence
should be used to refer to the power of a particular court
in a state to act pursuant to the laws of that state, but this
distinction has not been widely followed; frequently, the
terms jurisdiction and competence are used interchange-
ably. (For a more detailed discussion, especialy in rela-
tion to matters containing foreign elements, see CONFLICT
OF LAWS.)

For reasons having to do with the historical tradition of
the common-law courts— especially with the practice of
the royal courtsin London to send out judges to conduct
trials throughout the country with the help of locally
selected juriess—in common-law countries the various
higher courts existing in a given state are not ordinarily
viewed as completely separate tribunals but essentially
as parts o one overall court. Hence the question of
"venue," which is usually not so problematical aslack of
jurisdiction. The most common venue rule is that the
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action may be initiated where either the plaintiff or de-
fendant resides, where the cause o action arose, or, if
rea property isinvolved, where the real property issitu-
ated. Even when all formal legal requirementsd juris-
diction and venue are fulfilled, American courts are
sometimes authorized to dismiss an action on the ground
that the choice of court will create seriousinconvenience
for the partiesor the court itself.

Parties In spite of differences in terminology, rules
prevailing in various legal systems concerning the parties
to a case show some basic similarities. It isquitegenerally
recognized that in order to participate in a law suit as a
plaintiff or asadefendant, a party must have the capacity
to sue and must, in addition, be a" proper" party (that is,
have standing before the court).

All persons recognized as such by law, including corpo-
rations and even groups of individuas without formal
corporate status, may, at least in the abstract, assert their
rightsin court and areliable to suit by others. In practice,
however, the law obliges certain personsto act through
another person. These persons, such as minors and men-
tal incompetents, are usually said to lack procedural ca-
pacity, or to have it only to a limited extent, and must act
through parents or guardians. Corporations can frequent-
ly suein their own name, though some countries (such as
Sweden) require that actions be brought by or against the
board of directorsor similar body.

All legal systems limit in some respects the number of
individuals who may engage in lawsuits; generally, only
personswho have an actual interest in the outcomeof the
lawsuit may sue or be sued. Furthermore, only a person
who owns(or claims to own) the right or obligation
under suit can be a party te a suit involving that right. In
the United States this rule is frequently caled the real
party in interest rule, and similar rules are found else-
where—for example, in Italy and France. Frequently the
real party in interest will be the person who will ultimate-
ly benefitfromany recovery obtained, but thisisnot true
in all cases. I n the United States, for instance, the trustee
of atrust is deemed the real party in interest in connec-
tion with suits involving the trust, though any recovery
obtained by him will ultimately benefit the beneficiaries
of the trust. Because o the problems inherent in the real
parties in interest rule, some modern codifications have
omitted any referenceto it.

I n connection with matters o publiclaw, the ability to
sue is sometimes restricted less narrowly than in pure
private-law actions. In France, for instance, citizens are
ableto bring actionsin court to attack municipal expendi-
tures (though not expenditures of the national govern-
ment).

Ordinarily, only parties to an action are bound by its
outcome. But when a very large group may be affected by
a particular controversy, it is frequently impractical for
all menibersof the group to joinin the litigation. For this
reason, thelaw in the United Statessometimesauthorizes
so-called class actions, in which alimited number o per-
sons sue to vindicatethe rights of a much larger class; in
the end all members are bound by the outcome o the
suit. Classactions are frequently, but by no means exclu-
sively, used in actions involving shareholders of a corpo-
ration. Countries with a Roman-law tradition generaly
do not authorize class actions, though in some limited
situations proceedings brought by one person may affect
therightsof other personsnot party to the suit.

Although a person is ordinarily free to decide for him-
sdf whether or not he wants to attempt to enforce his
rights by legal proceedings, his refusal to do so may cause
harm to others. For this reason, the laws of many coun-
tries authorize creditors, for instance, to prosecute ac-
tionsof their debtorsif the debtorsfail todo so.

Legal controversies are not necessarily limited to two
persons, one plaintiff and one defendant. Sometimes, for
instance, in actions involving co-ownership or joint obli-
gations, the rightsof several partiesmay be so inextricably
intertwined that, for all practical purposes, it isimpossi-
ble to adjudicate the rights of one person standing alone.
In such cases, the procedural rules of many countries
require that all such persons be made partiesto the law-
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suit. In other cases, however, the presence of several
individuals may be merely useful, but not absolutely es-
sential, to a resolution of a dispute. I n such cases the law
simply " permits" the individualsto join in, or be brought
into, the lawsuit. It is also possible that persons not origi-
nally participating in a lawsuit may find that their rights
are affected in some manner, directly or indirectly, by
such suit. To avoid a multiplicity of actions, such persons
will often be authorized to intervene in the pending law-
suit, if their own claim has a sufficiently close connection
in law or fact with it. In civil-law countries a person
wishing to support the claim of some other party must
proceed by way of direct intervention. In the United
States, an individual who wants to promote the claim of
some other party may ask the court for leave to appear as
amicts curiae (friend of the court) so that he may pre-
sent arguments in favour o the person he supports. In
certain cases, furthermore, defendants are authorized to
bring third partiesinto an action when, for instance, these
third parties are or may be liable to the defendants on
account of the claim asserted against the defendants. This
is known as impleader.

In general, a person's capacity to sue or be sued is not
affected by the fact that he is an alien or nonresident,
unlessa state of war exists between his home country and
the country he wishes to sue. Even a state of war gener-
aly will not destroy capacity to be sued. But an alien may
experience some disadvantages. Many countries, for ex-
ample, withhold legal aid from aliens, particularly if the
alien's home country does not grant reciprocity. More
importantly, many European and Latin American coun-
tries require alien plaintiffs to post security to guaran-
tee that they will be able to reimburse the defendant for
the expensesdf the lawsuit, and sometimeseven for addi-
tional damage, should they lose the case. Asa result of the
1954 Hague Convention on Civil Procedure and numer-
ous other treaties, this security for costs has been elimi-
nated between many countries. In the United States, the
nationality of a party is not material to the issue of
whether security for costsis due; any nonresident of the
state where the action is brought is required to post secu-
rity. The rule in most other countries with an English
legal tradition isanalogous.

Provisional remedies. Lawsuits frequently take a long
time. A judgment in an action concerning whether or not
the defendant has the right to cut down certain trees, for
instance, will be of little valueif, while the suit is pending,
the trees have already been cut down; in like manner, a
judgment for a sum of money will be quite uselessif the
defendant is able to conceal or squander his funds while
the parties litigate. For these reasons, legal systems quite
generally provide so-called provisional remedies that en-
able the plaintiff to obtain some guaranteesthat any judg-
ment obtained against the defendant will not be in vain.
There appears to be a rather remarkable similarity be-
tween remedies in common-law and civil-law countries,
although the legal technicalities are often different. The
provisional remediesarefrequently available even before
an action has been initiated; but in such a case, an action
must ordinarily be started within a short period of time
after the grant of the remedy.

Some remediesserveto prevent the disappearance either
of funds required for the payment of the eventual judg-
ment or of specific property involved in litigation. This
purpose is served by attachment (bringing the property
under the custody of the law), replevin (an action to
recover property taken unlawfully), or other similar
remedies. Usually, theremedy isgranted by a judge at the
request of the plaintiff, upon a showing that certain facts
exist that make it probable that the plaintiff has a good
claim and that the payment of the judgment by defendant
may be threatened. Attachment ordinarily involves the
seizure of the property by an officer of the court, who will
hold it pending final disposition of the case, or, occasion-
aly, involvesmerely an order to the person holding the
property not to dispose of it. Attachment is not necessari-
ly limited to tangible property but can aso be used in
connection with all sorts of intangible property (such as
money due, or bank accounts). These remedies are grant-
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ed in a proceeding in which the defendant is not heard
(i.e., ex parte).

Other remedies are intended to stabilize a situation
pending the outcome of litigation. In such instances,
courts are frequently authorized to issue orders (known
in Anglo-American law as temporary injunctions) com-
manding the parties to do or not to do certain acts that
may cause irreparable harm to the other side while the
suit is pending. In both civil-law and common-law coun-
tries, orders of this nature ordinarily are granted only
after a hearing in which both sides appear. Sometimes a
court order of an even more temporary and short-lived
nature (temporary restraining order) may be obtained
without hearing the other side.

In countries with a common-law tradition a person dis-
obeying an injunction issued by a court is guilty of "con-
tempt of court" and can be punished quite severely. In
civil-law countries, punishment for contempt is largely
unknown, and since broad orders to defendants may
therefore be difficult to enforce, such orders are some
times limited to specific narrow situations. The Supreme
Court of the United States has recently cast some doubt
on the propriety of granting ex parte remedies.

The commencement of the action. In Anglo-American
procedure, finding the facts has traditionally been the
function of the jury, which cannot conveniently be kept
together except for a brief period of time; proof taking
therefore has to be concentrated in one continuous epi-
sode, the trial. As a result, a lawsuit is generally divided
into two stages, the first, or pleading, stage and the trial
stage. At the pleading stage the parties notify each other
of their claims and defenses; at the trial stage, they or
their counsel prove their factual contentions before the
jury primarily through the oral examination of witnesses
produced by them. The verdict of the jury and the judg-
ment based onit follow immediately thereafter.

A different general pattern is followed in countries
whose procedure is based on the Roman-canonical pro-
cedure. Since there is no jury, there is no need for a
concentrated trial, and the procedure consists essentialy
of a series of hearings at which counsel argue their
clients' position and submit documentary evidence; any
other form of evidence can be utilized only with a special
court order definitely describing the type of evidence and
the matter to be proved by it. Hearings with argument
continue after the evidence hasbeen taken.

The nature d the summons and the requirements of
service. |n most countries when a civil action isinitiat-
ed, some form of notice to that effect must be served
immediately upon the defendant. This notice may consist
merely of a statement to the effect that the plaintiff is
suing the defendant and that the defendant must appear
in court on a specified day or bein default. Such a notice
is commonly referred to as a summons, the successor to
the old English "writ" initiating the action. When the
notice of the lawsuit consists only of the summons, it is
necessary, either at the same or a subsequent time, to
supply the defendant with more specific information
about the nature of the claim against him. Thisinforma-
tion is contained in plantiff's first pleading, the com-
plaint.

In common-law countries it was originally necessary to
deliver the summonsto the defendant in person (personal
service). Now, other forms of service to notify the de-
fendant, such as leaving the summons with an agent, em-
ployee, or a person of suitable age at his home, are also
permissible provided their intent is to apprise the defen-
dant that the suit is pending. Service by publicationin a
newspaper is generally authorized only when no other
form of serviceisreasonably possible.

I'n civil-law countries the summons proper is often com-
bined with the statement of plaintiff's claim in a single
document (assignation in France, citazione in Italy).
Other detailed formal rules must often be observed, and
the documents sometimes must be written on paper bear-
ing tax stamps, a requirement till in force in ltaly; in
France copies must be presented to a tax officefor "regis-
tration" for tax purposes. The document need not be
served to the individual himself; a member of the house-

hold, or even a neighbour or janitor, usually will be an
adequate recipient. In Austria and several other coun-
tries, service can be effected through the use of the mail.

Pleadings. Pleadings are the formal written documents
by which the parties set forth their contentions. They
serve several functions including giving notice of the na-
ture of the claim or defense, stating the facts that each
party believes to exist, narrowing the number of issues
that ultimately must be decided, providing a means to
determine whether the party hasa valid claim or defense,
and serving asa record of what has been actually decided
once the suit isended.

I'n the English common law the pleadings were primari-
ly designed to state the legal theory relied upon and to
narrow the issues to be tried. Accordingly, in common-
law proceedings, the plaintiff and defendant alternately
submitted documents, each responding to the one that
preceded it, and narrowed the field of conflict until there
remained only one issue, upon which the trial would be
based. Because narrowing the issues was deemed of great
importance, the parties were not allowed to plead alterna-
tive or contradictory states of fact and the defendant was
permitted to rely on only one defense at one time.

In the United States during the 19th century, numerous
procedural reforms were instituted. The parties were no
longer required to plead on the basis of legal theoriesbut
instead were to alege a statement of facts constituting the
cause of actionor defense; the court could then apply any
legal theory that was applicable under the facts alleged
and later proved. The insistence upon fact pleading had
substantial drawbacks, however, especially since the
courts demanded a high degree of specificity, made tech-
nical distinctions between fact and evidence (forbidding
the insertion of the latter in the pleading), and bound the
parties to prove the facts alleged or lose the lawsuit. This
last rule was particularly harsh sinceitforced the party to
alege detailed facts early in the proceedings when he
frequently was not yet certain precisely what facts had
occurred.

Modern reforms have gone a long way toward elim-
ination of the injustices of the former system. U.S.
federal rules require only "a short and plain statement
o the claim showing that the pleader is entitled to re-
lief"; the defendant "shall state in short and plain terms
his defenses.” There is no requirement that legal theory
be stated in the pleading nor that only facts be alleged.
Other rules specificaly permit the parties to plead alter-
native or contradictory claims or defenses and provide
that in the usual case, only two pleadings, the complaint
and the answer, shall be permitted. The effect of these
changes has been to substantially downgrade the impor-
tance of the pleading stage of the lawsuit. The primary
function of the pleadingsis now only to give a general
notice of the subject matter of the suit to the opposing
party.

Under modem European codes, pleading problems, for
a variety of reasons, have not been as pronounced asin
Anglo-American law. The narrowing of issues is gener-
aly an essentially judicial function, to be achieved either
at a special preliminary hearing or even at a plenary
hearing before the full court; the creation of a permanent
record is a function of the final judgment, which unlike
the general —and therefore uninformative— verdict in an
American jury trial must ordinarily contain a description
o the facts and lega reasons on which it is based. Plead-
ings therefore serve primarily to inform the court and
parties concerning their respective claims, a function of
limited importance, since under some codes (such as the
Austrian Code of Civil Procedure of 1895) only state-
ments by the parties or their counsel in open court are
fully effective for this purpose. In addition, amendments
or changes can ordinarily be made without difficulty,
though, in order to avoid dilatory tactics and surprise,
some limitations exist. I n France, for instance, it is not
permissible to add new claims unless they are related to
the existing claim, but new facts and legal arguments are
permissible.

European pleadings tend to be more general than En-
glish and American, with fewer distinctions between uiti-
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matefacts, evidentiary facts, and mattersof law. In some
countries, such as France, it isusual to start the action by
pleadings of the utmost generality, subject to further
elaborationlater.

Appearance. The summonsor analogousdocument by
which the plaintiff initiates his action quite generally
commands the defendant to appear in court a specified
number of days after its service. In case of failure to
appear, he is threatened with a "default" judgment. In
both the Anglo-American and the continental European
systemsthe appearancein court is normally a legal fiction.
The defendant " appears” by serving plaintiff with anotice
indicating that he will defend the lawsuit and giving the
name o the attorney or similar representative who will
act for him in this connection. Certain other procedural
steps indicating a willingnessto defend the lawsuit are
sometimesconsidered the equivalent of such a notice.

Thetime limitsfor the appearance vary greatly. Europe-
an countries frequently provide a great many different
time periods varying with the distance between defendant
and the court where the action is pending. In France, for
instance, a defendant residing in that country must ap-
pear within eight days, whereas one residing elsewherein
Europe has eight days and one month; these time periods
can be shortened by judicial decision in case of urgency.
In some countries the timeto appear isfixed by the court.
Less attention is usually paid to geography in the United
States. In New York, for instance, the defendant must
appear in 20 daysif the summons was served personally,
and 30 daysif some other form o service wasemployed.

In some countries, where appearance involveseither ac-
tual presencein courts, or at least the delivery of docu-
ments to the court (Italy, Sweden), plaintiff and defen-
dant may both be required to appear.

The preparatory sage. As noted above, thereis a fun-
damental difference between Anglo-American procedure
and the civil-law procedure, with the Scandinavian coun-
tries taking a somewhat intermediate position. In coun-
tries whose procedure is based on English common law,
the concentrated trial, traditionally before a jury, serves
as a climax to earlier procedures. At thistime, the parties
attempt to prove the facts at issue, primarily through the
presentation of oral evidence. The climax of a European
proceeding, however, isthe hearing before thefull bench
of judges—a hearing that is essentially devoted to argu-
ment of counsel and the presentation of documentary
evidence; any other type of evidence usualy requires a
specific court order for its utilization. In both legd sys-
tems there are procedures to prepare for the trial or
hearing.

In Anglo-American procedure a preparatory phase can
be devoted to numerous purposes. First, sincea jury trial
isrequired only when there are disputes as to matters of
fact, the court may be asked to make a decision on those
cases that can be decided purely on legal matters, without
any regard to the facts in dispute. This will be true, for
example, when the court lacks jurisdiction or when it is
obviousthat a dispute between the parties as to the facts
is more apparent than real. | n these cases the party con-
cerned will address a motion to the court (either a motion
todismissfor lack of jurisdictionor a motionfor summa-
ry judgment) that can be decidedimmediately by a judge
sitting alone, without waitingfor the availability of atrial
date.

It should also be noted that there may be a pretrial
hearing before a judge, at which the judge will attempt to
narrow the issues in controversy and, if possible, try to
settle the case, thus making thetrial unnecessary.

If the suit has not come to an end as a result  such
preliminaries, the parties must prepare for trial. At the
trial, evidence is presented in an uninterrupted fashion,
without any posshbility for additional proof after its
close; each side in the end must stand or fall on the
testimony presented by it.

The European system is in some ways similar to the
Anglo-American. Frequently, such questions as jurisdic-
tion can be decided in the preliminary phase, without
waiting for the full hearing. The preliminary phase may
also serveto narrow issuesand produce a settlement. But
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differences in basic structure in some of the European
codes lead to variations in emphasis. The absence of a
concentrated trial, for instance, makes it much less im-
portant for a party to have detailled knowledge of the
facts known by the other side. Further, proof proceedings
sometimes occur during the preliminary phases rather
than at the main hearing; though in Austria the full court
holds hearings devoted to all aspectsof the case, without
distinguishing between matters considered preliminary
and those more pertinent to the main hearing.

Pretrial motions. Because court calendars for jury
trials are often extremely crowded, especialy in the
larger cities, the parties involved in a case often will
resort to pretrial motions if there isany remote possibili-
ty that such an action would lead to a resolution of the
dispute without trial. The party making the motion sum-
mons his opponent to appear before a judge designated
for that purpose and transmits at that time copies of the
papers pertaining to the motion, such as sworn statements
(affidavits) of persons having knowledge of the facts or
memorandums concerning the applicable law; the other
side may submit opposing papers. At the time the judge
hears the motion, attorneys for both sides argue briefly
concerning the matter in question; no witnessesare heard.
In addition to cases in which there may be a lack of
jurisdiction, it may also occur that the right asserted by
the plaintiff does not exist and that he is not entitled by
law to relief; in either case a motion for dismissal would
be made.

On a somewhat different plane stands the motion for
summary judgment. Frequently it appears that the issues
of fact raised in the pleadingsdo not really exist. In such
acase, since the outcome would not be in any reasonable
doubt, a trial would be a mere formality. To avoid the
needless expense and delay of a trial, a motion for sum-
mary judgment can be made. (The rules relating to this
motion are strict so as to abridge neither the right of
every man to his day in court nor the constitutionally
guaranteed right to a jury trial.) The sole function of the
judge is to determine if, from all the available evidence,
thereexistsa material issue of fact that ishonestly disput-
ed; he is not to determine what the true facts are. If he
finds a material issue of fact to be in dispute, he must
deny the motion and set the case down for a future trial.
If hefindsno such issue, he may grant afinal and binding
judgment.

In those civil-law countries that have a preparatory
phase before a single judge and a final hearing before a
three-judge bench, procedural defenses similar to pre-
trial motions are ordinarily raised before the single judge.
Sometimes, however, in cases of lack of jurisdiction or
lack of competence a hearing isheld before the full court.
Where the issueisone of territorial competencethe result
may be the transfer of the case to the proper court. Gen-
eral summary proceedings have lost considerable im-
portance in France and have been abandoned completely
in Italy, but in actions involving claims based on negoti-
able or other written instruments, for instance, specia
procedures have been developed that permit a judgment
to be obtained with great dispatch, particularly if the de-
fendant has no effective defense on the merits.

Discovery procedures. In general, English common
law lacked procedural devicesaimed at giving the parties
and the court advance notice of the factual contentions of
both sides prior to thetrial of the action. Whatever infor-
mation was obtained by a party about the opposing par-
ty's case wasreceived from the pleadings. This absence of
discovery deviceswasa reflection of a judicial philosophy
that held that surprise was a proper tactical device and
that withholding information from one's opponent until
trial would prevent an unscrupulous adversary from fab-
ricating evidence. Limited discovery devices were, how-
ever, available in theequity courts.

Reforms were instituted in the 19th and 20th centuries.
A mid-19th-century New York code, for example, pro-
vided that each party could serve written questionnaires
on its adversary, could compel the adversary to produce
documents prior to the trial, and could, under some cir-
cumstances, take the oral deposition of any witness,

Summary
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whether or not a party to the action. Even with these
changes, discovery proceedings were limited. In 1938 new

U.S. federal rulesexpanded the discovery processfurther.
It was hoped that more complete disclosure would result
in a more thorough preparation and presentation of
cases, encourage pretrial settlement by making each party
cognizant of the true value of his claim, and expose, at an
early stage in the proceedings, insubstantial claims that
should not go to trial.

Thus, a party may seek discovery not only of informa-
tion that would be admissible at trial but also any infor-
mation that, though not admissible, might lead to the
discovery of admissible testimony. Some limitations re-
main, however; materials prepared in anticipation of the
pending litigation by or for a party, for instance, are not
discoverable unless the party seeking discovery shows a
substantial need for the information and an inability to
obtain substantially equivalent information by alternative
means. Most discovery devices may be utilized without
prior court approval and the procedures take place in
lawyers' offices; judicial intervention must ordinarily be
sought only when there is a dispute concerning the per-
missible scope of discovery or when there is a need to
impose sanctions for failure to obey a court order com-
pelling discovery.

With the exception of procedures to secure, in advance
of lawsuit, evidence that is in danger of being lost (for
instance, because a witness may die), there are few pro-
cedures in civil-law countries to enable a party to secure
information to use later. There are several reasons for
this. Sometimes it has been viewed improper to compel a
party to disclose information that may help his adver-
sary. The absence of a concentrated trial makes it less
important to have all information available at once, even
more so because appeals ordinarily involve a rehearing of
the whole case. The greater role given the judge in some
countries (such as Austriaand Germany) in bringing out
factual matters further reduces the need to obtain infor-
mation in anticipation of the hearing.

Consequently, discovery of documentsis usually possi-
ble only in very limited cases, although a party that ac-
tually intends to use a document has to make it available
to the other side. In France, for instance, production of
documents to the other side is possible in bankruptcy and
related commercial matters, and it is required in com-
mercial cases generally that books be produced for
inspection by the court. Traditionally, discovery of docu-
ments has been unavailable in noncommercial cases; leg-
islation in 1965 did authorize the judge to request the
parties to produce any documents, but thisis production
beforethe court, not for a party's use as such.

Pretrial conference. The discovery process frequently
makes the parties aware of significant issues not previous-
ly considered or may make it clear that an issue consid-
ered important before discovery isno longer so. I n order
to provide a means for reflecting these changes and also
to assist in simplifying the issues to be tried, shortening
the time for trial, and possibly eliminating the need for
trial completely, the court may direct the parties to ap-
pear beforeitfor a pretrial conference.

At the conference, no testimony of witnesses is heard,
and no formal adversary proceeding takes place. The
attorneys representing the litigants, with the assistance of
the judge, try to reach agreement on amendmentsto the
pleadings, the elimination of issues raised at an earlier
stage that are no longer deemed pertinent, and the crys-
tallization of thereal, controversial issuesthat must be de-
termined at thetrial.

An indirect benefit of the pretrial conference is the pos
sibility that a settlement of the case will be reached by the
parties without the necessity of trial. Although some au-
thorities feel that this should be a primary goal o the
pretrial conference, the prevailing view is that "sdtle-
ments must be a by-product rather than the object of
pre-trial, the primary aim being to improve the quality of
the expected trial rather than to avoid it." It should be
noted, however, that a considerable number of lawsuits,
and the vast majority of personal injury cases, are settled
before afinal verdict.

In civil-law countries, procedures somewhat analogous
in purpose to pretrial conferences are fairly prevalent.
Since such preliminary hearings are ordinarily held be-
fore a single judge, rather than a formal three-judge
court, a considerable saving of judicia time may result.
In 1965, France, for instance, reformed its practice in this
respect. There, each caseis assigned to a special “prehear-
ing" judge, who setstime limitsfor the exchange of plead-
ings, decides how many pleadings after the original sum-
monsand complaint shall be used and when they shall be
submitted, and may penalize dilatory parties by deliver-
ing a default judgment or, if both sides are dilatory, by
striking the case off the calendar. I n addition, he may call
in the parties counsel for a conference and must make
sure that all documents that the parties intend to use at
the main hearing have been filed. He may also call in the
parties themselvesfor a conference concerning a possible
settlement. He must, in short, either settle the case or put
itin shapefor the formal hearing.

THE TRIAL AND THE MAIN HEARING

The climactic and decisive part of an Anglo-American
civil action is the trial, in which the parties present their
proof in a concentrated fashion. The climactic eventin a
lawsuit based on European codesis the hearing before the
full court. The differences between these two procedures
are so fundamental that discussion of the two will be
essentially separate.

The jury sysem. The following discussion will deal
with the jury in terms of specific aspects of trial pro-
cedure. For a more detailed presentation of the jury sys-
tem, see JURY.

Many of the procedural rules governing trials in civil
actions have been designed to reflect the basic premise that
the function o the jury is to determine the facts of the
case, whereasthefunction of the judge isto determine the
applicable law and to oversee the parties presentation of
the facts to the court. The consequences of the presence
of the jury have been so pervasive that even in cases tried
by a judge without a jury, the procedural rules designed
to accommodate jury trials remain largely intact, with the
important exception, of course, that the judge will deter-
mine both thefactsand the law.

The order o trial. Although some variations may ex-
ist, a trial is conducted most frequently in the following
manner. The attorneys for plaintiff and the defendant
make opening statements to the jury, outlining what each
conceives to be the nature of the case and what each
hopes to prove as the trial proceeds. Next, the attorney for
the plaintiff presents his case by calling witnesses, ques-
tioning them, and permitting them to be cross-examined
by the attorney for the defense; when the former has
concluded his presentation, the latter frequently will ask
for adismissal of the suit for failure of plaintiff to estab-
lish a prima facie case (that is, a case sufficient until
contradicted by evidence); if this is unsuccessful, he will
call and examine witnesses in order to establish his defen-
ses, and these witnesses are subject to cross-examination
by the plaintiff's attorney. The attorneys for each side
then make a closing argument to the jury, marshalling the
evidence presented in a light most favourable to their
respective clients; the judge will instruct the jury on the
applicable law; and the jury will retire to deliberate in
private until it reaches a verdict, which will then be an-
nounced in open court.

The rules of evidence. Although the parties, and not
the judge, are charged with the primary obligation to call
and question the witnesses, the judge must act as arbiter
in all disputes between the parties concerning the admissi-
bility of evidence. When one party objects to the intro-
duction of testimony, the judge will decide whether or
not, in accordance with established rulesof admissibility,
the evidence sought to be introduced isto he heard by the
jury. In genera, the rules of evidence are designed to
screen from the jury evidence that is either deemed not
reliable or, if reliable, considered to be capable of confus-
ing the jury in some way. As a consequence, evidence
based on hearsay and, to some extent, opinion is prohib-
ited. In keeping with the adversary system, the judge is
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not entitled to rule that evidence is inadmissible unless a
party objectsto itsintroduction. The party objectingto the
evidence must state the grounds for his objection and the
judge must permit the jury to hear the evidence unlessthe
specified grounds given by the attorney are applicable.
Even within this narrow framework, the judges role is
limited, for the rules of evidence leave little room for dis-
cretion on the part of the judge.

Directed verdicts. When the party having the burden
of proof of an issue has completed its presentation to the
jury, the opposing side may ask the court to rule as a
matter of law that the evidence presented does not pro-
vide sufficient proof for a reasonable jury to find for the
party who presented the evidence. When a judge sofinds,
he may "direct a verdict," thusin effect withholding from
the jury the right to rule independently on the issuesat all.
It has been held that this device, if properly applied, is not
aviolation of the constitutional right to jury trial because
similar devices have historically been available to judges
and because a verdict is directed only when there has not
been sufficient evidence introduced to create a material
issue of disputed fact for the jury to decide. The granting
of a directed verdict results in a final judgment, and the
termination of the trial.

Instructions to the jury. It is the obligation of the
judge, at the conclusion of thetrial, toinstruct the jury as
to the applicable law governing the casein order to guide
itinarriving at a just verdict. Although thisissolely the
judge's obligation, in practice the parties will propose
instructionsfor his consideration. The judge then selects
among the proposals that have been submitted and offers
the parties the opportunity, out of the hearing of the jury,
to object to any proposed instruction that they deem to be
incorrect. Failure at thistimeto object generally precludes
a party from arguing later that the instructions given
were incorrect.

There has been much debate as to the relevance of jury
instructions generally, some commentators urging that
the jury seldom understands the instructions given or
often ignores them. The charge, however, that the judge
gave improper instructions to the jury isone of the most
frequent grounds of error offered by parties when appeal-
ing an adverse decision.

In addition to the judge's obligation to charge the jury
on thelaw, U.S. federal rules and some other procedural
codes permit the judge to comment on the evidence.
When it is permitted, the judge may give hisopinion with
regard to the merits of the case so long as he makes clear
to the jury that this opinion is not binding and that the
jury, not he, is solely responsible for finding the truth as
tothefactsin dispute.

Types of verdict. Most frequently the jury will be re-
quested to return a general verdict—that is, a decision
merely stating in general terms the ultimate conclusion
that it has reached (for example, the award of X dollars
to plaintiff). Thisform of verdict givesconsiderable lee-
way to the jury and permits, if it does not encourage,
some deviation from a strictly logical and technical appli-
cation of the law to the facts. An alternative that offers
greater control over the decision-making process is the
special verdict whereby the jury is instructed merely to
answer a series of specific factual questions proposed by
the judge, who will then himself determine the verdict,
based upon the jury's responses to the questions asked.
Because of the difficulty in drawing up questions that
would cover completely the issues of the case, the special
verdict iscumbersome and not frequently used.

New trial and other relief. After thetrial iscompleted,
either party may request the trial judge to vacate the
verdict and grant a new trial. Innumerable grounds are
available for requesting a new trial, including, for exam-
ple, judicia error, excessiveness of the verdict, and jury
misconduct. Considerable discretion is given the judge,
and a decision to grant a new trial will seldom be over-
turned on appeal. The grant of a new trial, unlike the
directed verdict, does not result in the judge substituting
hisopinion for that of the jury but only mandates another
jury to hear the case at another trial. But in the very
limited cases in which a judge may grant a directed ver-
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dict, he can also substitute his decision for that of the
jury by a judgment not on the verdict.

The main hearing. In civil-law countries the hearing
before the full court isthe essential part of a civil action.
At that hearing, counsel for both sides present argument
asto the law and the facts of the case and submit docu-
mentary evidence. The hearing serves several purposes. it
informs the court of the contentions of the parties, both
legal and factual; it narrows the issues that may have
been raised by the original pleadings; and it leads to the
submission of at least one typeof evidence, namely, docu-
mentary evidence. The extent of proof presentation and
the narrowing of issuesvary from country to country.

I'n such countries as Italy and France, which divide the
lawsuit into a preparatory and a final stage, the judge in
charge of the preparatory proceedings attempts to nar-
row the issues and may, for this purpose, examine the
parties. In countries where there is only one stage, this
process takes place during the full hearing. In general, in
civil-law countries, evidence other than documentary evi-
dence may beintroduced only pursuant to a specific court
order specifying the matter on which such evidence isto
be received and the form that such evidence is to take
(witness, experts, etc.). But again two forms are possible.
Under the Austrian code of civil procedure, the court that
decides the case must hear the witness, expert, or what-
ever. I n such a case, an order will be made at the hearing
and will be implemented by the calling of the witness or
expert. Subsequently the arguments of counsel may con-
tinue, interrupted perhaps by a new proof order, should
the court feel thisto be necessary. I n France and Italy the
court or the judge of the prehearing phase will make an
order for the hearing of a witness or expert, but the
witness or expert will be heard by a single judge not
ordinarily part of the court, who will prepare a summary
of thetestimony. Later on, that summary will be submit-
ted to the court; there will be additional argument and
finally a decision will be made based on the record so
made. Because witnesses or experts are always acting
pursuant to court order, they are never considered a par-
ty's witness.

Types of proof proceedings. Various types of proof
proceedings are generally available, including (1) hear-
ing of witnesses who are not themselves parties; (2) the
expert's report; (3) the examination of parties, either
informally or pursuant toformal interrogatories.

A party wishing a witness to be heard must make an
appropriate request, informing the other side of the name
of the witness and the subject on which the witness is to
be heard; this is to enable the party to prepare its own
side of the case. At the examination the judge will ask the
witness to state in narrative form what he knows about
the precise issue mentioned in the proof order; subse-
quently, the judge may ask additional, clarifying ques-
tions. If counsel for both sides wish to propose questions,
they must ordinarily put them to the judge, who presents
them to the witness. A more or less extensive summary of
the testimony is prepared immediately by a clerk under
the direction of the judge and signed by the witness, the
judge, and the clerk. I n the case of witnesseswho live too
far away from the court where the action is pending,
interrogation sometimestakes place inalocal court.

The examination of an expert is obtained in the same
manner as that of a witness. Although the parties may
suggest an expert to the court, those chosen are ordinarily
taken from a list of experts approved by the court. The
expert is considered an impartial auxiliary of the court;
hisuseisordinarily limited to cases involving some tech-
nical or scientific problem. The court or judge issuing the
proof order may authorize him to make certain scientific
investigations (e.g., in an automobile accident case, to
examine the car involved) and to report thereon.

Parties are not considered witnesses, and different pro-
cedures for parties ordinarily exist. A court is usually
authorized informally to question parties, ordinarily not
under oath, either on the court's own motion or on the
request of a party. Though this questioning is designed
mainly to narrow issues, it does also have a function in
terms of evidence. In Austria and some other countries
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the judge questioning a party may put the party under
oath if hefeels this to be necessary for an elucidation of
the truth. In other countries, a party may be challenged
by his adversary to make a statement under oath.

Rules of evidence. In European courts, rules as to the
admission of evidence are ordinarily quite liberal since
there has been no need to develop complex rulesto keep
certain evidence from a jury. It is generally required that
evidence relate directly to thefactsinissue and be neither
superfluous nor unduly repetitious. But since judicial re-
view of lower court decisions on the admission of evi-
dence isfrequently quite limited, these requirements have
never been developed into the detailed rules existing in
Anglo-American law.

There are, however, some rules restricting testimonial
evidence. In the first place, certain groups of persons,
including parties and frequently close relatives of parties,
may not be witnesses. Furthermore, confidential informa-
tion acquired by certain professions (clergymen, doctors,
lawyers, public officials, and others) may not ordinarily
be divulged. I n addition, there are rules requiring written
proof in certain cases, such as birth, marriage, death, and
some legal transactions.

The hearsay rule and its numerous exceptions are quite
unknown in countries whose procedure is based on the
European codes. That an individual may have only indi-
rect knowledge of an event will not usually prevent his
testimony as to the event, although it will affect the
weight given it; at times, however, courts will refuse to
hear testimony of a witness whose connection with the
eventsin issue isutterly remote. The absence of a hearsay
rule makesit possible to utilize many formsof documen-
tary evidence not available in Anglo-American countries,
such as written, unsworn statements of witnesses who do
not later testify, written opinions of experts, and so on,
though the courts do not necessarily give much credence
tosuch items.

All modern European codes reject the Roman-canonical
principle according to which a predetermined weight
must be given to the various kinds of evidence; instead
the court gives each item of evidence whatever weight
seems reasonable under the circumstancesof the individ-
ual case. There are some exceptions to this, however.
Countries with a Latin tradition frequently accord great
weight to public and notarial documents.

In general, it can be said that because the free evalua-
tion of evidence is normally possible and because the
production of evidence is so largely under judicial con-
trol, questions of burden of proof are much less impor-
tant in countries governed by European procedural codes
than in the Anglo-American system.

It is sometimes said that civil procedure in continental
European countries is inquisitory in nature and that the
strongly accusatory features of Anglo-American civil
procedure have not found favour there. European courts
often have an affirmative duty to clarify the issue and are
frequently authorized to call witnesses or experts on their
own motion, though the extent to which they make use of
this power may vary. But the basic impetus for the law-
suit always comes from the parties. There are thus in-
quisitorial elements, but no true inquisitorial procedure.

Judgment and execution. Drafting and form of judg-
ment. When proceedings are terminated, the court that
has considered the case will render a judgment. In such
a case one speaks of a final judgment. Judgments decid-
ing some procedural matter but not terminating the pro-
ceedings are known as interlocutory judgments.

In American practice, the judgment of a court after a
jury trial is presented in a stylized document that merely
recites certain data relating to the lawsuit, such as the
names of the parties, the fact that a jury verdict has been
rendered, and the disposition to be made. No detailed
grounds are given for the decision. If a judge decides a
case without a jury, he is often required to indicate the
factual and legal basesfor his decision in order to facili-
tate appellate review; in practice, such findings, too, are
often of a rather stylized nature. Courts sitting without
juries sometimes prepare, in addition, an opinion in
which their reasoning isexplained in narrative form.

Judgments in civil-law countries quite generally consist
of not only statements indicating the names of the parties
and the like and the decision of the court but also an
opinion inwhich the court explainsitsdecision. The opin-
ion may vary in style. In Germany and Austria, it is
narrative in nature, asin the United States; in France, itis
traditionally cast in the form of one long sentence con-
sisting of a syllogism using the facts and the applicable
law as premises. When the court consists of several
judges, it is frequent practice in Anglo-American coun-
tries for judges who disagree with the decision of the
majority to prepare and file dissenting opinions, in which
they explain the reasons for their disagreements. In civil-
law countries, such dissenting opinions are rarely al-
lowed; indeed, the courts are generally forbidden from
disclosing the position taken by an individual member.

Quite generaly, originalsof judgments arefiled in court
clerks' offices; the parties may then procure copies to use
as they seefit. In some countries, the rulesfor the formal
preparation, signing, and filing of judgments tend to be
quite technical and complex; this is much less so in the
United States. Furthermore, judgments must frequently
be written on stamped paper or presented to some tax
officefor the payment of atax.

The effectof judgments: res judicata; collateral estop-
pel. Judgments generally have a continuing effect on
parties and others long after they are rendered. In some
situations the doctrine of res judicata will grant a
binding effect on issues determined in the lawsuit. The
doctrine is intended to avoid excessive litigation and
is known in some form in most countries. Thus, it is
uniformly held in the United Statesthat when avalid and
final personal judgment in an action for the recovery of
money is rendered in favour of the plaintiff, the plaintiff
or his legal successors are prevented from instituting an
action against the defendant on the same cause. In effect,
what wasconsidered in thefirst action, or even that which
should have been considered but was not, cannot form
the basis of a second action. This does not preclude a
second lawsuit based on a different cause of action or
claim, but the related doctrine of “collateral estoppel”
will preclude the parties from relitigating in the second
suit based on a different cause of action any issue of fact
common to both suits that was actually litigated and nec-
essarily determined in the first suit.

The doctrine of collateral estoppel traditionally had
been limited to the parties to the past action. For instance,
A, as the driver of B's truck, is involved in an accident
with a car driven by C. If A sues C and recovers a
judgment because of the negligence of C, the traditional
rule has been that in a subsequent suit filed by B against C
for damage to the truck, C is not precluded from claim-
ing that he was not negligent since B was not a party to
thefirst suit and would not be bound by the decision in it.
Many courts now, however, are holding that even though
the same parties are not involved, when the issues are the
same and when the defendant has presented a complete
and full defense in the first trial, collateral estoppel will
now bind him to the finding in the first suit that he was
negligent in the occurrence.

The principle of res judicata is followed in civil-law
countries aswell, but there are differences. Substantively,
res judicata applies generally only in new proceedings
between the same parties (or their heirs or successors in
interest), and the new proceedings must involve the same
type of action (the same bases for the action and the
same demand for relief). Thereis, however, no collateral
estoppel, though a judgment that is no longer subject to
any form of review (appeal, etc.) is binding as to all
procedural rulings. In effect, res judicata becomes pro-
cedurally operative only after all normal means of re-
view have been exhausted or the time limit to use them
haslapsed.

Enforcement o judgment. All countries have pro-
cedures intended to overcome the resistance of a party
who failsto comply with the judgment of acourt. Thisis
usually known as the enforcement or execution of a judg-
ment. Rules vary greatly, and they are usually highly
technical and thuscan only be dealt with generally. In the
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United States a party who obtainsa judgment for a sum
of money isentitled normally to avail himself at once of
the procedural devices designed to enforce the judgment.
Thefact that the period for appeal has not yet passed or
that an appeal isfiled doesnot, of itsalf, affect theright to
enforce the judgment; the losing party, seeking to post-
pone enforcement of the judgment pending appeal, must
request such relief either from thetrial court or the court
to which the appeal is taken. Frequently, such a request
will be granted If the losing party posts a bond or other
security to ensure that the delay in enforcement will not
adversely affect the rights of thewinning party should the
appellate court affirm the judgmentdf thetrial court.

When the judgment results in an order to the losing
party to do or refrain from doing some act, the court has
the power to enforce the judgment by punishing a party
who fails to comply, by a fine or a jal sentence, on the
grounds that his disobedience constitutes “contempt of
court.”

When the judgment resultsin an award of money dam-
ages, the usual proceduresfor enforcement are the "levy
o execution" on property belonging to the defendant or
an execution against his income. All property that is not
exempt by a specific statute, aswell asincomeearned and
debts owed by third persons, are subject to this enforce-
ment process. Exemptions generally are given for such
necessitiesas wearing apparel, tools and implementsused
in earningaliving, and household furniture, and such per-
sonal items as wedding rings, family Bibles, and family
photographs. The attorney for the party in whose favour
the judgment has been rendered or the clerk of the court
in which the judgment was obtained issuesa command to
the sheriff to seize the property, Once thesheriff hastaken

ion of the property he sdls it at public auction
and, after deducting his fees, turns over to the judgment
creditor only those proceedsof the sale necessary to satis-
fy the judgment; any excessis returned to the defendant.

The remedy o garnishing theearningsd the defendant,
although generally permitted, is accompanied by certain
saf eguardsto prevent oppression. Thus, only if thedebtor
fails to make payments voluntarily, can his wages be
seized, and even then only a limited percentage of the
wages.

Rules for the enforcement of judgments in civil-law
countries are in some respects similar to those in the
United States or other common-law countries, although
some differences do exist. Frequently, judgments cannot
be enforced by execution or in some other way until al
appeals have been heard or until thetimefor such appeds
hasrun out, but the precise rules differ greatly from coun-
try to country and often depend on the subject matter of
the action or the court to which an appeal is taken. In
Germany, for instance, it is sometimespossible to receive
an executionon a judgment still subject to appeal, but the
money recovered on execution must be paid into the
court clerk's office pending determination d the appeal .

In al countries there are detailed rules exempting cer-
tain typesdf property from seizure, but continental Euro-
pean rules are much less generoustoward the debtor than
corresponding rules in the United States. In France, for
instance, all wages exceeding the equivalent of about
$3,000 per year may be seized, whereasin New York no
more than 10 percent of wages may ever be taken. If
several judgments, which threaten to exceed a debtor's
available assets, exist against him, other procedures are
available to insure that these assets will be distributed
fairly. T o someextent, such proceduresreplace bankrupt-
¢y, which in some European countriesis availableonly to
businessmenand not to private debtors.

Problems arise in connection with judgmentsordering a
party to do or not to do a certain act, since contempt
procedures, outside of mild fines or jail sentences avail-
ableto secure the maintenanced order in the courtroom,
are generally unknown in Europe. For thisreason, Italian
judgments will order the performance of a specified act
only when, in the case of disobedienceby the party, the
act can be performed by a substitute appointed by the
court. For instance, if the defendant is ordered to tear
downawall and refusesto do so, the court may appoint a
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contractor to perform this operation. French courts have
not limited themselves so narrowly and have developed a
kind of civil penalty in order to compel compliance with
their judgments.

Costs and disbursements. Generally, the prevailing
party recoversnot only the amount o the judgment but
also the costs and expenses of the suit. These include
filing fees, government taxes, witness fees, and the like.
but not funds spent in the preparation of the case. In
countrieslike Austria and Germany that regulate the fees
of attorneysby an official schedule, suchfees are ordinar-
ily recoverable. In countries where such fees are not regu-
lated by schedule, they usually must be borne by the party
that has incurred them. In countries such as England or
France, where a party isoften represented by an agent for
litigation (a solicitor, or avoué) and a separate attorney
to handle oral argument and trial (a barrister, or avo-
cat), the fees of the former, but not of the latter, are
reimbursablein most situations.

APPEALS AND OTHER METHODS OF REVIEW

A judgment of a court of first instance may be attacked
either by appeal to a higher court or by a request for
some form of review of the judgment by the court that
rendered it. Thus, it is quite generally possible for a de-
fendant who has defaulted to ask a court to reopen the
case and hear it on its merits. As noted above, in Anglo-
American courts, it isfrequently possibleto ask for anew
trial. In some cases (if, for example, there is newly dis-
covered evidence) proceduresanal ogous to motionsfor a
new trial exist in European countries. In certain countries
and in some states of the United States, an appeal of a
judgment that is not afinal decision can be madein addi-
tion to appeals of fina decisons.

The appeal process is somewhat different in civil-law
and common-law countries. In Europe the appeal from
the court of first instance to the intermediate appellate
court ordinarily involves a reexamination of the entire
case, both the law and the facts, and new evidence fre-
quently can be introduced. An appeal to the supreme or
highest court is restricted to matters of law, and the facts
found by the lower court are not re-examined. In the
Anglo-Americansystem, on the other hand, both the in-
termediate appellate court and the supreme court exam-
ineonly the written record created in the court below and
do not receive new evidence. Furthermore, review is gen-
erally restricted to matters of law, though the scope o
review is broader in the intermediate appellate court than
the supreme court. Rulesof appeal in all systemstend to
combine the desire that justice be done and error be
corrected with the desire to find some point at which the
proceedings will end and judgment will be deemed final.

Common-law appellate procedure A fundamental prin-
ciple underlying the function of appellate courts in the
United States is the concept that the court serves only
to review allegationsthat errorsof law were committed at
the trial. In no sense can the appeal be considered a
retrial of the entire case. Factual determinations made at
a jury trial are not reviewable on appeal except when
presented in the context of a legal question. Factual de-
terminations made by a judgein casestried without a jury
are reviewable on appeal, but even in such cases, appel-
late courts are reluctant to set aside such determinations
unless clearly erroneous.

The party appealing the judgment must specify the er-
rors that allegedly occurred at the trial; generally, the
appellate court will consider only those points advanced
by the appealing party. Moreover, the court will, with
few exceptions, refuse to consider an allegation of error,
unless the issue had been raised during the initial trial.

Because appellate courts do not hear witnessesor permit
the introduction of new evidence on appedl, it is neces
sary that the record of the trial be made available and
include a transcript of the proceedings, original papers,
and exhibits. Both parties are required to submit written
"briefs" to the court containing legal precedents and the
arguments in support o their contentions that error did
or did not occur, and each party has an opportunity to
present oral legal arguments supporting his position.
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Most jurisdictions provide a second appellate court to
which a party may appeal from an adverse decision of the
first appellate court. The right to such a second appeal is
usually limited to certain typesof casesraising particular-
ly important issues, and only a small percentage of liti-
gants pursue a second appeal. | n the U.S. Supreme Court,
a petition to authorize an appeal in certain casesinvolv-
ing the public interest, when itisnot available as a matter
of right, is known as a petition for a writ of certiorari.

Civil-law appellate procedure. Appeals to intermedi-
ate appellate courts from courts of first instance are avail-
able quite broadly in Europe, frequently for all judg-
ments exceeding a certain amount (e.g., 2,500 francs, or
about $460 U.S,, in France) and at timesfor certain types
of judgments, regardless of amount. Since the appeal in-
volves a new hearing of the case, the procedure is essen-
tially similar to that in use in courts of first instance. In
the case of a review of a nonfinal judgment, the appellate
court frequently limitsits review to an examination of the
legal correctness of that judgment and then remands the
case, so that proceedings in the court below may be com-
pleted. Occasionally, appellate courts are authorized to
use the occasion of an appeal of a nonfinal judgment in
order to decide the entire case themselves. Though an
appeal involves a rehearing of the entire case and though
parties are, generally speaking, entitled to introduce new
evidence, the appeal may not be used to bring forth en-
tirely new claims. The broad availability of anew hearing
on appeal encourages appeals to intermediate appellate
courts and explains their frequently very heavy case load.

By way of contrast, appeals to the supreme courts of the
various countries are generally limited to questions of
law. The facts are not ordinarily re-examined, and no new
evidence may be introduced. The procedure involves es-
sentially the presentation of written or oral argument by
counsel for both sides on the alleged substantive or proce-
dural errors made by the lower court. In several coun-
tries, such as France and Italy, the partisan argument by
the parties is augmented by independent argument by an
officer of the Ministry of Justice representing the law as
such. The Court either affirms or reverses the judgment
submitted to it for review. If it reverses, it does not, gen-
erally, substitute its own judgment for the erroneous
judgment below but merely annuls the erroneous judg-
ment and remands the case for new proceedings, frequent-
ly to a court different from that from which the case
came. Review by supreme courts can usually be sought
for all final (and sometimes even nonfinal) decisions of
intermediate appellate courts, and frequently also of de-
cisions of courtsof first instance if no appeal to an inter-
mediate appellate court is possible. No specia permis-
sion of the court analogous to the grant of certiorari is
ordinarily required. Consequently, caseloads are extreme-
ly heavy, and to handle them the full court does not
usually sit together but instead is divided into panels. In
important matters two or more panels may sit together.
The court to which the case isremanded is not bound by
the view of the law expressed by the appellate court.
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Procellariiformes

The Procellariiformes are a distinct natural order of
oceanic birds with about 87 living and 36 fossil species.
Of diverse size and range, they are divided into four fami-
lies: albatrosses, sheanvaters, storm petrels, and diving
petrels. All are recognizable by their conspicuous tubular
nostrils, which project upon the culmen (upper bill),
giving the order its alternative name, Tubinares, "tube
nosed." The feet are webbed, and the hind toe is vestigial
or missing. All species have a characteristic powerful
musky odour caused by the excretion of stomach oil; the
oil can be used as a defensive discharge through the
mouth when the bird isalarmed.

GENERAL FEATURES

Importancetoman. The tube-nosed birds have been
of considerable local economic importance as a source of
protein food, feathers, and oil wherever man has colo-
nized or has been able to raid the coastal and oceanic
islands where they breed; this has resulted in the partial
or complete extermination locally of certain species. Man
has also been responsible for the introduction of preda-
tors, such as rats, pigs, and cats. In regions where bird
populations have survived, man has continued to harvest
the eggs, the plump young birds (at fledging time), or
both. Many thousands of slender-billed, or short-tailed,
shearwaters (Puffinus tenuirostris) are taken on the Bass
Strait islands off Tasmania and sold fresh, salted, or
deep-frozen as "muttonbirds.” The name muttonbird was
most likely derived from the use of the flesh as a supple-
ment for mutton by the early settlers of New South
Wales. The numbers of muttonbirds now harvested are
regulated so as to preserve a substantial breeding stock.

In New Zealand the Maori people have harvested
young ‘it (sheanvaters of several species) from time
immemorial, a right assured them in perpetuity by treaty
with Queen Victoria. On the other side of the world,
hundreds of Manx shearwaters (Puffinus puffinus) were
formerly collected for food and as lobster bait on the
Welsh islands of Skomer and Skokholm, which are now
nature preserves estimated to contain about 200,000
Manx sheanvaters and 2,000 storm petrels (Hydrobates
pelagicus). On the Tristan da Cunha Islands in the South
Atlantic, resident islanders harvest the eggs and squab
(young) of a large, mixed seabird population, which in-
cludes more than 6,000,000 greater sheanvaters (Puffinus
gravis).

The harvesting of northern fulmar petrels (Fulmarus
glacialis) isan ancient practice among peoplesof the cool
northern coasts where the birds breed. In Iceland about
50,000 fulmars were taken annually between 1897 and
1925; the occurrence in 1939 of psittacosis (a virulent
avian disease) among processors of the birds resulted in
prohibition of the useof fulmarsforfood.

“Mutton-
birds”



During the early 17th-century colonization of Bermuda,
millions of cahows, or Bermuda petrels (Pterodroma ca-
how), were exterminated by the colonists. For nearly 300
years the species was believed extinct, but in 1951 a few
pairs were discovered nesting on an offshoreidet, where a
remnant survives under strict protection. The related
black-capped petrel, or diablotin (P. hasitata), of the
West Indies was also thought extinct (due to predation by
man, rats, and mongooses) until in 1961 a substantial
population, estimated to number at least 4,000 birds, was
found breeding in the inaccessible forested crags of His-
paniola.

In the 18th and 19th centuries, huge numbers of alba-
trosses were taken for food (largely by whalers) and for
the millinery trade. With the disappearance o sailing
vessals, changes in fashions, and the establishment of
many nesting grounds as sanctuaries, such predation has
virtually disappeared, but abatrosses have not entirely
escaped stress at the hands of man. On Sand Island in the
Midway Atoll, Laysan albatrosses (Diomedea immutabil-
is) increased from a few pairs in 1900 to about 60,000
pairs in the early 1960s, the increase resulting from shelter
provided by introduced vegetation. The use of the island
by aircraft after 1935, air raids by the Japanese during
World War 11, and the loss of 30,000 birds humanely
killed by the U.S. Navy (in a control program designed to
reduce collisions between birds and aircraft) did not de-
ter the albatrosses from this favoured nesting area. The
control program was abandoned after the discovery that
levelling certain sand dunes effected a 70 percent reduc-
tion in collisions by removing the updrafts near aircraft
runways.

Digtribution. The majority of procellariiforms breed
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Figure 1: Representative procellartiform birds in flight.

in the Southern Hemisphere, but several species migrate
thousands of miles north across the Equator to winter in
the northern summer seas, where they molt, feed, and
rest in preparation for the return home in the southern
spring. Similarly, species that breed in the Northern
Hemisphere also live in perpetual summer by migrating
far south to winter in the southern summer. A number
are less migratory and do not cross the Equator. Several
species are almost sedentary, chiefly smaller petrels
breeding in tropical and subtropical latitudes, and the
sub-Antarctic prions (Pachyptila) and diving petrels. All
latitudes of the unfrozen oceans are thus occupied, but
there are fewer livingin the calm equatorial region where
there is little wind to lift their long wings and where the
pelagic (open-ocean) crustacean food on which so many
seabirds basically depend is scarce. The zone of upwelling
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water in the windy latitudes of the Antarctic covergence,
between 40" and 60" south latitude, is richest in the
shrimplike krill (Euphausia species), attracting surface-
feeding tubinares and the diving penguins, prions, and
diving petrels. Some feed along the edge of the ice of the
Antarctic continent, and four tubinares actually breed on
its shores: the Antarctic fulmar, the giant petrel, the
snowy petrel, and the tiny but very numerous Wilson's
petrel; the nesting burrows of the last may be blocked by
snow for days during the protracted breeding season. The
only tubinare nesting near the ice limitsin the high Arctic
is the fulmar, which reaches Franz Josef Land, Green-
land, and the Arctic Circle north of the Aleutian |slands.

Of the albatrosses (family Diomedeidae), only the two
Midway species and the short-tailed albatross (Diomedea
albatrus) nest well north of the equatorial doldrums. The
latter was brought close to extinction by plume hunters
and by a volcanic eruption at its nesting i1sland of Torish-
ima. There were enough immature birds at sea at the
timeto allow a partial recovery, and some 60 individuals
were counted there in 1969. Nine albatross species range
the Southern Hemisphere, gliding on the eternal winds of
the "Roaring Forties" (the region between 40° and 50°
latitude) and moving north with the food-rich cold cur-
rents along the west coasts of South America, South
Africa, Australia, and New Zealand. One species, the
waved albatross (Diomedeairrorata), isuniquein that it
breedsonly in the Galdpagos Archipelago at the Equator,
where probably not more than 3,000 pairs nest on Hood
Island.

The family Procellariidae includes the larger petrels,
such as the northern and southern fulmars (Fulmarus
glacialis and F. glacialoides), the gadfly petrels (Pterod-
roma), several genera of shearwaters, and the prions or
whalebirds. Several of the shearwaters and larger petrels
breed in burrows far inland on mountain crags in the
Andes, West Indies, Madeira, and New Zealand. The
largest member of this family is the giant, or stinker,
petrel (Macronectes giganteus), an abatross-like scaven-
ger and circumpolar wanderer with a heavy beak and
wing span of eight feet. Smallest are the prions, four
species of small, stocky, little-studied birds, 22 to 30 cen-
timetres (nine to 12 inches) long, with broad bills and a
restricted cold-water range; they breed on sub-Antarctic
islands, keeping much to the water, as do the diving pe-
trels.

The storm-petrel family, Hydrobatidae, ranges both
hemispheres but is strongest numerically in the Pacific,
where Halocyptena microsoma, the least petrel of Baja
California, rivals the Atlantic storm petrel as the smallest
procellariiform. The word petrel (“little Peter') derives
from a habit of the storm petrels of walking on the waves.

The diving petrels form a family (Pelecanoididae) and
genus (Pelecanoides) with four species. They are small,
rather sedentary, coast-dwelling birds confined to cool
southern islands, including Tristan da Cunha, the Falk-
lands, New Zealand, and southeastern Australia. The
common diving petrel (P. urinatrix) is circumpolar; the
largest species, the Peruvian (P. garnotii), has followed
the Humboldt current along the west coast of South
America and breeds from Chile to Peru; the Magellanic
(P. magellani) is confined to the tip of South America;
the Georgian (P. georgicus) breeds on South Georgia,
Macquarie, and Auckland islands. Diving petrels are spe-
cidlized birds with short, black-and-white bodies and
closely resemble externally and in habits the small auks
(family Alcidae, order Charadriiformes) of the North-
em Hemisphere.

NATURAL HISTORY

Locomotion. All tube-nosed birds have a protracted
life cycle conditioned by their evolution and oceanic envi-
ronment. Because they spend most of their lives at sea,
they are clumsy on land, laboriously using their wings as
props to assist locomotion; their legs are too far to the
rear to effect a well-balanced bipedal progress. The
smaller species nest in burrows and rock crevices and are
nocturnal, being helpless and unable to manoeuvre quick-
ly on land when attacked by predators. As a rule, the
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incubating bird is tame and does not associate the ap-
proach of man with danger but will often allow him to
stroke and fondle it. Albatrosses are especially docile,
hence the name mollymawk (mallemuck), from the
Dutch mollemok ("stupid gull™).

The long-winged tubinares require a smooth runway for
takeoff on a calm day; over rough ground they will
utilize the bill to hook along, and either climb a rock
or tree to gain a launching height or flop over the edge o
the nearest cliff. On the wing, they are perfect aviators,
riding out the severest storms of their normally windy
oceanic feeding grounds with ease and grace. The great
albatrosses can overtake and circle a fast ship at sea, with
long glides rarely interrupted by wingbeats. The ability of
albatrosses to move upwind without flapping depends on

Flight the fact that wind velocity is appreciably lower near the
patternof ~ waves than a few metres in the air. The flight patternisa
albatrosses series of broad ellipses (Figure 2), characteristically
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Figure 2: Flight pattern of the albatross.

including (1) a fast downwind glide beginning at the
greater elevation, at which the wind velocity is higher,
giving the bird considerable momentum with a small loss
of altitude. Asit reaches maximum speed, the bird turns
crosswind (2), briefly skimming the waves, then moves
upwind (3) on along, level glide through the lower veloc-
ity air, maintaining atitude, but losing speed. As soon as
its air speed reaches a critical low, the bird climbs steeply
cross-wind (4) to complete the ellipse, now at the same
altitude as at the start of the previous downwind leg but
having gained in position upwind. It then glides down-
wind again to gather fresh momentum. The same flight
pattern may be used, of course, to travel crosswind or
downwind. The normal air speed of the royal and wan-
dering albatrosses (Diomedea epornophora and D. exu-
lans), whose wing spans reach about 34 metres (11
feet), is 80 to 110 kilometres (50 to 70 miles) per hour.
Although the flight appears effortless, some energy is
expended in the muscular action that keeps the long,
narrow wingsfully extended.

The medium-sized tubinares (shearwaters and procel-
lariid petrels) have a flight pattern similar to that of
albatrosses, but their shorter wings are flapped regularly
between the briefer gliding periods. The little storm pet-
rels have an altogether more erratic darting, fluttering,
and sometimes hovering flight, their feet hanging down to
walk on the water surface.

Feeding habits. Shearwaters, storm petrels, and diving
petrelsfeed by taking small fish and crustaceans close to
the surface; they make short dives as necessary. Many of
the larger procellariids consume substantial amounts o
squid. Albatrosses, giant petrels, and fulmars dive little;
they are surface feeders, often settling on the water. At
night they devour squid that rise to the surface; during
the day they take schooling fish; garbage from ships;
wounded, exhausted, or dead birds; and carrion, includ-
ing the flesh of dead whales and other cetaceans. The
giant petrel is probably the only tubinare agile enough on
land to kill other birds; at its nesting groundsit will attack
young penguins inadequately guarded by their parents.

Reproductionand growth. As a genera rule, the ma-
ture adults return to the established breeding site many

weeks before the single white egg is laid. There is often
severe competition for nesting territories in large crowd-
ed colonies on small islands. Returning each year to the
same nest site, the male and female remain faithful to it
and thus to each other for life. It is believed that some
albatross pairs aso remain together at sea in the non-
breeding season, but many of the burrowing shearwaters
and petrels, meeting on land only at night, may never see
their mates clearly when ashore (recognition being by
voice, touch, and possibly smell) and probably do not
deliberately consort in pairs at sea.

At each fresh encounter ashore between breeding birds,
there is an elaborate greeting ceremony; the birds clash
and fence with the bills, cackling and screaming. These
antics occur in both the nocturnal procellariids and the
diurnal albatrosses, and in the latter there is also a bow-
ing and dancing display. Such behaviour provides time
for mate recognition and relieves and displaces any natu-
ral aggression or fear.

The nest type varies somewhat among species. Alba-
trosses scrape a shailow depression or build a mound of
soil and vegetation; the fulmars and other diurnal pro-
cellariid petrels nest on ledges or on level ground; most
shearwaters, diving petrels, and some storm petrels dig
burrows in soft soil; other storm petrels utilize natural
crevices.

Once the nest site has been adopted, one member of the
pair usually remainson guard against usurpation by other
home-hunting birds. The male may remain on guard for
several days and nights, while the female feeds at sea to
meet the requirements of the developing egg. In some
species, the female may depart on a recuperative feeding
cruise within afew hours after laying if her mate isthere
to take over incubation. Mated birds do not feed each
other but incubate in spells of several days each, the
bird at home fasting and losing weight while the bird at
sea is feasting and fattening.

The egg is incubated for a long period, about 80 daysin
the wandering albatross, 52 days in the M anx shearwater,
40 days in the smallest petrels (the last about equal to the
incubation period of the ostrich). For the first week or so
after hatching, the helpless, downy chick requires the
warmth of the parental body for survival. During this
period it is brooded and fed tenderly on an oily broth of
semidigested marine organisms pumped from the adult
esophagus, which is muscularly constricted to control the
flow to the infant's needs. Instinctively, the chick seeks
the open, warm, fishy-smelling mouth of the parent,
thrusting and groping blindly with its tiny bill crosswise
in the open maw of the adult.

The down grows rapidly; a second down sprouts (to
which the first remains attached), and the baby is soon
homeothermic—i.e., able to keep itself warm while its
parents forage far at sea and return with increasingly
large crop loads of food. Some of the fishing trips of
the parents are real voyages, involving absences of several
days, the Manx shearwater may travel nearly 1,000
kilometres (more than 600 miles) from Wales to the
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Figure 3: A pair of Laysan albatrosses (Diomeda immutabilis)
inritualized preening display, a part of the courtship that
precedes nest building.
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Bay of Biscay and back to load up with its favourite
food, sardines. Albatrosses may leave their well-de-
veloped nestling for a week or two. If both parents hap-
pen to return at the same time, the nestling may ingest
food equal toitsown weight in one meal. |t becomesvery
fat in the later stages of the long fledgling period, which is
not less than two months in the small petrels and reaches
nine monthsin the largest abatrosses. Before it leaves the
nest, the chick is deserted by the parents, who retire to
molt at sea. This begins a starvation period which may
last a week in the smallest petrels, twelve days in the
medium-sized shearwaters, and considerably longer in
the largest species, before the fledgling goesto sea. When
deserted, it I1s well-feathered and fatter and heavier than
the adult; it needs a period of thinning and exercise be-
foreit is capable of flight. After days of fasting and wing
flapping, it may become airborne one windy night, espe-
cialy if hatched in a burrow on a gale-swept mountain
height from which it can flap and glide to the sea. Calm
weather is its enemy; many island-born young tumble
down to the sea, too heavy to take off again in still air.
They are expert swimmers, however, and can dive deeply
to avoid attacks by aerial predators.

Paddling rapidly away from the dangers of land and
soon gaining flight, the young procellariiform sets off
along the traditional migration route, alone and unguided
by the long-departed adults. Driven by an innate impulse
to keep flying, it reaches winter quarters that it has never
seen before, often at a surprising speed. One Manx shear-
water, banded in Wales as a fledgling, travelled 9,900
kilometres (6,200 miles) to southern Brazil in 16% days.
Allowing half of each day for resting and feeding, thisis
equivalent to an average surface speed of 50 kilometres
(30 miles) per hour over the period, a remarkable
achievement for abird just out of the nest.

The young abatross remains longest in the net—so
long in the case of the royal and wandering albatrosses
that the nestling is overtaken by the Antarctic winter. It
endures blizzards and savage winds that force it to grip
the nesting mound tightly with its claws, yet it is warm
enough under its oily plumage to survive fasting for
many wintry days until a parent appears with food. Be-
cause of the protracted nesting period, these great aba-
trosses cannot rear more than one young every other
year. To compensate for the dow rate of reproduction,
albatrosses are long-lived; life expectancy, once breeding
age is reached, appears to be several decades. Marking of
Laysan albatrosses has shown that they do not breed
successfully until seven years old. In order to maintain
their numbers, the wandering and royal albatrosses,
breeding for thefirst time even later, must have the high-
est average longevity among birds. The Manx and other
medium-sized shearwaters lay the first egg when five
yearsold, theleast petrel in the third or fourth summer.

There is thus always a large proportion of each tubinare
population that is nonbreeding. During its first year at
sea, the young bird may not even approach the land.
While the mature birds have completed their migration
and settled to breed at home, the yearlings may lag far
behind on the route, spending the summer at sea. In the
next few years adolescents arrive at the breeding islands
and shores too late to make more than a preliminary
landing and exploration of the ground for a future part-
nership. At midsummer in the nesting colonies there is a
considerable arrival of immature birds familiarizing
themselves with prospective breeding territories. Where a
colony is already overcrowded, it is always the young,
eligible, but inexperienced, birds that leave to form new
peripheral colonies in the region of their birthplace.

Ecology and conservation. The tubinares collectively
occupy a position midway in the oceanic food chain.
Their food is lower on the chain than that of animals
which take subsurface fishes (e.g., certain diving birds,
seals, and medium-sized predatory fishes) but above that
of the minute and larval fishes which feed on plankion.
Insofar as man has overfished much of the oceans and
removed or reduced competitors, such as the krill-feeding
whales, and has taken fish species from the food chain,
he might be said to have influenced the success and
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therefore the numbers of the tubinares, but there is no
firm evidence for this. Although the numbers of some
species are recorded as increasing, it is likely that the
reason is stricter protection and reduction of exploitation
at the nesting sites. It is generally accepted that the con-
siderable increase of the fulmar in the North Atlantic
and its s%read south from the Arctic to new breedin
grounds has resulted from the great development
fishing fleets, which fulmars follow in vast numbers to
devour the fish offal thrown overboard.

Only a few tubinares are rare and in danger of extinc-
tion. The majority are successful and often numerous.
With their pelagic, aerial habits they are less liable to
be trapped in oil slicks than are the Northern Hemi-
sphere swimming seabirds (auks, ducks, and loons),
which are killed by the thousands by oil. The diving
petrels and prions, living in the cleaner Antarctic seas,
are less exposed to this danger.

FORM AND FUNCTION

General features. The general body plan of procel-
lariiform birds varies slightly from family to family. In
general, they are long-winged, short-necked birds with
short to moderate tails and legs. Webbing is present be-
tween the front toes, and the hindtoe (hallux) is small
or lacking. In contrast to their strong-flying relatives, the
diving petrels have short wings. At the other extreme,
the aspect ratio (the ratio of wing span to the chord,
or width) of the wing may exceed 14:1 in some alba-
trosses. This long, narrow wing, with a high-lift airfoil,
is an extreme adaptation for fixed-wing gliding.

The bill varies from rather short and broad in diving
petrels to medium in length (somewhat more than half
the total length of the head) in some albatrosses. It is
sheathed in horny plates and has a distinct hooked nail
at the tip. In albatrosses the two nasal tubeslie separated
on the right and left upper lateral surfaces of the hill;
in al other procellariiforms, the nostrils are fused into
a single tube lying on the dorsal midline of the bill and
having a dividing wall or septum, which may end short
of the end of the tube, resulting in a single opening.

Procellariiforms are totally lacking in bright plumage
colours, being entirely black, white, or shades of brown
or gray. Strikingly contrasting patterns of light and dark
are often found, however, and the bills or feet of a few
species are yellow or pink. A number of shearwaters
and procellariid petrels and a few albatrosses are poly-
morphic; i.e., they occur in light and dark phases (plum-
age types), some species aso having intermediate forms.
The polymorphism may be restricted to certain parts of
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the plumage, such as the underparts of the body or the
upper surface of the wings.

Stomach oil. Most tubinares, when handled or threat-
ened, gject the oily contents of the stomach with some
force. In some species, notably the cliff-nesting fulmars,
this habit, a fear reaction that also serves to lighten the
bird for flight, has been exploited as a defensive weapon.
Facing an intruder, the disturbed bird ejects a spurt o
evil-smelling fluid a metre or so in his direction, often
with apparently planned accuracy. The habit is instinc-
tive; a baby fulmar, on hatching, has been observed to
squirt yellow oil before it isfully out of the shell. Later,
the downy chick squirtsoil at any visitor, even its parents.
Mated fulmars may exchange little squirts of oil during
the excitement of bill-fencing ceremonies.

Analysis of this unique oil shows that it is a waxy s=
cretion of the proventriculus (the first chamber of the
stomach), rich in vitamins A and D. In most birds, the
walls of the proventriculus produce an acid fluid that
rapidly breaks down raw food entering from the
esophagus. In the tubinares, which feed their young a
soup of predigested marine organisms, the proventricu-
lus is much enlarged and internally folded, increasing
the surface when dilated and enabling a larger number
of glands to function. The latter are groups, or follicles,
of oil-producing cells. The colour of the oil varies ac-
cording to the type of food; it is often reddish from
the presence of astacin, a pigment found in crustaceans.

The discharge of stomach oil is partly excretion of sur-
plus fat, which might upset the bird’s metabolism if re-
tained in quantity. Ejected through the mouth and nose,
it also disposes of excess vitamins and salt in the diet of
marine food and seawater. Similar in character to the
secretions of the oil glands of other birds, the crop oil
may also assist in waterproofing the feathers as the tub-
inare preens its plumage with its oil-stained bill.

EVOLUTION AND CLASSIFICATION

Evolution. The oldest tubinare fossil is a giant aba
tross (Gigantornis) from the Eocene of Nigeria (about
50,000,000 years ago). It may have had a wing span of
six metres (20 feet) and was contemporary with the now
extinct giant penguins (order Sphenisciformes). It is gen-
erally agreed that the two orders had a common ancestor
from which they may have evolved. The penguins oc-
cupied the ecological niche of diving and feeding under
the surface and became flightless; the tube noses special-
ized in flight and surface feeding. Support for a common
origin (a view contested by some taxonomists) comes
from the facts that the oldest fossil penguin had a hill
with distinct tube-nosed apertures; the young of the
blue penguin Eudyptula, considered to be the most prim-
itive of penguins living today, exhibits tubelike open-
ings to its nostrils. Mutual displays of bill fencing and
wing movements in courtship, as well as the method of
regurgitating digested food, are almost identical in tubi-
nare and penguin. The short-winged diving petrels, which
"fly" much underwater but little in air, seem to parallel
an early stage in the evolution of penguins, especialy
when, during a few weeks of the annual molt, they lose
their quills and must live in the water.

Classification.  Distinguishing taxonomic features. The
families of the Procellariiformes are separated mainly by
the general body plan, the condition of the nostrils, and,
in the case of the Procellariidae and Hydrobatidae (long
considered one family), the osteology of the skull and
sternum. At the genus level, characters used include the
shape of the beak, wings, and tail; the degree of flattening
of the tarsus (lower leg); size of the hallux; and therela-
tive lengths of the leg bones.

Annotated classification. The following classification,
proposed by American ornithologist Alexander Wetmore
in 1930, isin nearly universal usage.

ORDER PROCELLARIIFORMES (tubinares)

Oceanic birds with tubular nogtrils; bill covered with horny
plates and hooked at the tip. Anterior toes webbed; halux
short or lacking. Wing with 11 primary feathers (the outer
minute) ; secondariesshort; diastataxic (i.e., with the 5th sec-
ondary absent). Two coats d nestling down. Oil gland feath-

long incubation

ered. Strong musky smell. Single white egg;
and 36 known fossil

and nestling periods. About 87 living
species, al marine; worldwide.

Family Diomedeidae (al batrosses)

Middle Eocene to present. Extremely long, narrow wings,
short tail. Bill longer than remainder d head; nostrils semitu-
bular, small, situated near the base of long groove. Two gen-
era, 13 species; length 50-125 am ﬁ20—50 in.); wing span to
340 an (11 ft); North Pecificand all southern oceans.

Family Procdlariidae
(large petrels, fulmars, prions, shearwaters)

Middle Oligocene to present. Long-winged, short-tailed.
Nostrilsunited on top o bill. Twelve genera, about 50 species,
length 22-75 am (9-30 in.); al oceans, but greatest diversity
in southern hemisphere.

Family Hydrobatidae (storm petrels)

Upper Miocene to present. Small black and brown birds,
usualy with conspicuous white rump; wings rounded; tail
square or forked. Often walk on water. Eight genera, 20
species; length 15-20 cm (6-8 in.); al oceans, but more
pecies breeding in Southern Hemisphere.

Family Pelecanoididae (diving petrels)

Upper Pleistoceneto present. Small stocky birds, with short
wings and tails. Black above; white below. One genus, four
species; length 1620 cm (6%-8in.); cool sub-Antarcticseas.

Critical appraisal. In asystem of evolutionary relation-

ships by structural affinities, the tube-nosed birds seem
tofit conveniently between the penguins and the pelecani-
form birds. But within the order, the arrangement of
genera, species, and races of tubinares has been changed
al too frequently by taxonomists. This disorder has re-
sulted partly from new information on the structure, hab-
its, and distribution of these birds, hitherto little studied
because of their remote oceanic breeding grounds. The
ordinal position occupied by the highly specialized prions
and diving petrels is till in dispute. The fulmars are
sometimes divided into three species because of their
distinct differences in bill, body size and shape, and
geographical range; but other taxonomists regard them
as Arctic, Pacific, and Antarctic races of the species Ful-
marus glacialis. Several authorities have recently placed
several medium-sized shearwaters in one species Puffinus
puffinus, with eight closely related forms or subspecies.
Because there is no evidence of interbreeding between
these populations, although they may mingle at sea on
migration, and there are no intermediate forms even
when they inhabit the same island (in which case, they
nest at different times), other workers prefer to treat
them asfull speciesof Puffinus.
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Production, Theory o

In economics, the theory of production is an effort to
explain the principles by which a business firm decides
how much of each commodity that it sells (its" outputs”
or "products") it will produce, and how much o each
kind of labour, raw material, fixed capital good, etc., that
it employs (its"inputs" or "'factorsof production™) it will
use. The theory involves some of the most fundamental
principles of economics. These include the relationship
between the prices of commodities and the prices (or
wagesor rents) of the productive factors used to produce
them and also the relationships between the prices of
commodities and productive factors, on the one hand,
and the quantities of these commodities and productive
factorsthat are produced or used, on the other.

The various decisions a busi nessenterprise makes about
its productive activities can be classified into three layers
of increasing complexity. The first layer includes deci-
sions about methods of producing a given quantity of the
output in a plant of given size and equipment. It involves
the problem of what is called short-run cost minimiza-
tion. The second layer, including the determination of the
most profitable quantities of products to produce in any
given plant, deals with what is called short-run profit
maximization. The third layer, concerning the determina
tion of the most profitable size and equipment of plant,
relatesto what iscalled long-run profit maximization.

The article covers the main principlesinvolved in each
of these problems in turn. For the sake of clarity, the
essential principles will be considered within the context
of afirm that produces only a single product or commod-
ity, even though such firmsin actuality are rare.

COSTSIN THE SHORT RUN

The production function. However much o a com-
modity a business firm produces, it endeavours to pro-
duce it as cheaply as possible. Taking the quality of the
product and the prices of the productivefactors as given,
whichisthe usual situation, thefirm's task isto determine
the cheapest combination of factors of production that
can produce the desired output. This task is best under-
stood in terms of what is called the production function;
i.e., an equation that expressesthe relationship between
the quantities of factors employed and the amount of
product obtained. It states the amount of product that
can be obtained from each and every combination of
factors. This relationship can be written mathemati-
caly asy = f(xs, Xo, o o vy Xa3 ks, Koy oo ., kn). Here, y
denotes the quantity of output. The firm is presumed to
use n variable factors of production; that is, factors like
hourly paid production workers and raw materials, the
quantities of which can be increased or decreased. I n the
formulathe quantity of thefirst variablefactor isdenoted
by x: and so on. Thefirm isalso presumed to use m fixed
factors, or factors like fixed machinery, salaried staff,
etc., the quantities of which cannot be varied readily or
habitually. The available quantity of the first fixed factor
is indicated in the formal by k1 and so on. The entire
formula expressesthe amount of output that resultswhen
specified quantities of factors are employed. It must be
noted that though the quantities of the factors determine
the quantity of output, the reverse is not true, and as a
general rule there will be many combinations of produc-
tive factors that could be used to produce the same out-
put. Finding the cheapest of theseisthe problem of cost
minimization.

The cost of production issimply the sum of the costs of
al of the variousfactors. I't can bewritten:

C:p1x1—|-.‘..+pn1'n+i‘1k1+...+rnkn,

in which p;: denotes the price of aunit of thefirst variable
factor, »; denotes the annual cost of owning and main-
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taining the first fixed factor, and so on. Here again one
group o terms, the first, covers variable cost (roughly
"direct costs" in accounting terminology), which can be
changed readily; another group, the second, covers fixed
cost (accountants' "overhead costs"), which includes
items not easily varied. The discussion will deal first with
variable cost.

The principlesinvolved in selecting the cheapest combi-
nation of variable factors can be seen in termsof asimple
example. If a firm manufactures gold necklace chains in
such a way that there are only two variable factors:
labour (specifically, goldsmith-hours) and gold wire; the
production function for such a firm will bey = f (x1, xs;
k), in which the symbol k isincluded simply as a remind-
er that the number of chains producible by x; feet of gold
wire and x. goldsmith-hours depends on the amount of
machinery and other fixed capital available. Since there
are only two variable factors, this production function
can be portrayed graphically in a figure known as an iso-
quant diagram (Figure 1). In the graph, goldsmith-hours
per month are plotted horizontally and the number of
feet of gold wire used per month vertically. Each of the
curved lines, called an isoquant, will then represent a
certain number of necklace chains produced. The data
displayed show that 100 goldsmith-hours plus 900 feet of
gold wire can produce 200 necklace chains. But there are
other combinations of variable inputs that could also
produce 200 necklace chains per month. If the goldsmiths
work more carefully and slowly, they can produce 200
chains from 850 feet of wire; but to produce so many
chains more goldsmith-hours will be required, perhaps
130. The isoquant labelled "200" shows all the combina
tionsof the variableinputsthat will just suffice to produce
200 chains. The other two isoquants shown are interpret-
ed similarly. It is obvious that many more isoquants, in
principle an infinite number, could aso be drawn. This
diagram is a graphic display of the relationships ex-
pressed in the production function.

Substitution of factors. The isoquants also illustrate an
important economic phenomenon: that o factor substitu-
tion. This means that one variable factor can be substitut-
ed for others; as a general rule a more lavish use of one
variable factor will permit an unchanged amount of out-
put to be produced with fewer units of some or all of the
others. In the exampl e above, labour wasliterally as good
as gold and could be substituted for it. If it were not for
factor substitution there would be no room for further
decision after y, the number of chainsto be produced, had
been established.

The shape of the isoquants shown, for which there is a
good deal of empirical support, is very important. In
moving along any one isoquant, the more of one factor
that is employed, the less of the other will be needed to
maintain the stated output; this is the graphic representa-
tion of factor substitutability. But thereisacorollary: the
more of one factor that is employed, the less it will be
possible to reduce the use of the other by using more of
thefirst. Thisisthe property known as " diminishing mar-
ginal ratesof substitution."” The marginal rate of substitu-
tion of factor 1 for factor 2 is the number of units by

L\
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300

200

gold wire (feet)

labour {man-hours) 100
Figure 1: Isoquant diagram of hours of labour and
feet of gold wire used per month.
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which x, can be reduced per unit increase in x., output
remaining unchanged. | n the diagram, if feet of gold wire
are indicated by x; and goldsmith hours by x., then the
marginal rate of substitution is shown by the steepness
(the negative of the slope) of the isoquant; and it will be
seen that it diminishes steadily as x. increases because it
becomes harder and harder to economize on the use of
gold simply by taking more care. The remainder of the
analysis rests heavily on the assumption that diminishing
marginal rates of substitution are characteristic of the
production process generally.

The cost data and the technological data can now be
brought together. The variable cost of using x;, x. units
of the factors of production is written p.x; T pax., and
this information can be added to the isoquant diagram
(Figure 2). The straight line labelled v., called the v.-
isocost line, shows all the combinations of input that can
be purchased for a specified variable cost, v.. The other
two isocost lines shown are interpreted similarly. The
general formulafor an isocost lineis p.x; T pex, = v, in
which v is some particular variable cost. The slope of an
isocost line is found by dividing p. by pi and depends
only onthe ratio of the pricesof thetwofactors.

X2

300
Va

200
Va

Vi

L3l

Figure 2: Isoquant diagram for two factors of
production, x; and xz (see text).

Threeisocost lines are shown, corresponding to variable
costs amounting to vi, v, and v,. If 200 units are to be
produced, expenditure of v, on variable factors will not
suffice since the vi-isocost line never reaches the isoquant
for 200 units. An expenditure of vs; is more than suf-
ficient; and v. is the lowest variable cost for which 200
units can be produced. Thus v is found to be the mini-
mum variable cost of producing 200 units (as v is of
300 units) and the coordinates of the point where the v,
isocost line touches the 200-unit isoquant are the quanti-
tiesof the two factorsthat will be used when 200 unitsare
to be produced and the pricesof thetwofactorsareinthe
ratio p./p.. It may be noted that the cheapest combina-
tion for the production of any quantity will be found at
the point at which the relevant isoquant is tangent to an
isocost line. Thus, since the slope of an isoquant is given
by the marginal rate of substitution, any firm trying to
produce as cheaply as possible will always purchase or
hire factors in quantities such that the marginal rate of
substitution will equal the ratio of their prices.

The isoquant-isocost diagram (or the corresponding so-
lution by the alternative means of the calculus) solvesthe
short-run cost minimization problem by determining the
least-cost combination of variable factors that can pro-
duce a given output in a given plant. The variable cost
incurred when the least-cost combination of inputs is
used in conjunction with a given outfit of fixed equipment
is called the variable cost of that quantity of output and
denoted VC (y). The total cost incurred, variable plus
fixed, is the short-run cost of that output, denoted
SRC(y). Clearly SRC(y) = VC(y) F R(K), in which
the second term symbolizes the sum of the annual costs
of the fixed factors available.

Marginal cost. Two other concepts now become im-
portant. The average variable cost, written AVC(y), is
the variable cost per unit of output. Algebraically,

MC AVC

costs

v y
output

Figure 3: Average variable costs (AVC) and marginal
variable costs (MC)in relation to output.

AVC(y) = VC(y)/y. The margina variable cost, or
simply marginal cost [MC(y)] is, roughly, the increase
in variable cost incurred when output isincreased by one
unit; i.e, MC(y) = VC (y+1) — VC(y). Though for
theoretical purposes a more precise definition can be ob-
tained by regarding VC(y) as a continuous function of
output, thisisnot necessary in the present case.

The usual behaviour of average and marginal variable
costsin response to changesin the level of output from a
givenfixed plant is shown in Figure 3. I n thisfigure costs
(in dollars per unit) are measured vertically and output
(in units per year) is shown horizontally. The figure is
drawn for some particular fixed plant, and it can be seen
that average costs are fairly high for very low levels of
output relative to the size of the plant, largely because
there is not enough work to keep a well-balanced work
force fully occupied. People are either idle much of the
time or shifting, expensively, from job to job. As output
increases from a low level, average costsdecline to a low
plateau. But as the capacity of the plant is approached,
the inefficienciesincident on plant congestion force aver-
age costs up quite rapidly. Overtime may be incurred,
outmoded equipment and inexperienced hands may be
called into use, there may not be time to take machinery
off thelinefor routine maintenance; or minor breakdowns
and delays may disrupt schedules seriously because of
inadequate slack and reserves. Thus the AV C curve has
the flat-bottomed U-shape shown. The MC curve, as
might be expected, fallsfaster and rises more rapidly than
the AVCecurve.

OUTPUT IN THE SHORT RUN

The average and marginal cost curves just deduced are
the keys to the solution of the second-level problem, the
determination of the most profitable level of output to
produce in a given plant. The only additional datum
needed is the price of the product, say po.

The most profitable amount of output may be found by
using these data. If the marginal cost of any given output
(v) is less than the price, sales revenues will increase
more than costs if output is increased by one unit (or
even afew more); and profits will rise. Contrariwise, if
the marginal cost is greater than the price, profits will be
increased by cutting back output by at least one unit. It
then follows that the output that maximizes profitsis the
one for which MC(y) = p.. This is the second basic
finding: in response to any price the profit-maximizing
firm will produce and offer the quantity for which the
marginal cost equalsthat price.

Such a conclusion is shown in Figure 3. In response to
the price, po, shown, the firm will offer the quantity y*
given by the value of y for which the ordinate of the
M C curve equalsthe price. If adenotes the corresponding
average variable cost, net revenue per unit will be equal
to po — a, and the total excess of revenuesover variable
costswill bey*(p, — a),which isrepresented graphically
by the shaded rectangle in the figure.

Marginal cost and price.  The conclusion that marginal
cost tendsto equal priceisimportantin that it shows how
the quantity of output produced by a firm isinfluenced by
the market price. If the market price is lower than the
lowest point on the average variable cost curve, the firm
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will "cut its losses” by not producing anything. At any
higher market price, the firm will produce the quantity
for which marginal cost equals that price. Thus the
quantity that the firm will produce in response to any
price can be found in Figure 3 by reading the marginal
cost curve, and for this reason the marginal cost curve is
said to be the short-run supply curve for the firm.

The short-run supply curve for a product—that is, the
total amount that all the firms producing it will produce
in response to any market price—follows immediately,
and is seen to be the sum of the short-run supply curves
(or marginal cost curves, except when the price is below
the bottoms of the average variable cost curves for some
firms) of all the firms in the industry. This curve is of
fundamental importance for economic analysis, for to-
gether with the demand curve for the product it deter-
mines the market price of the commodity and the amount
that will be produced and purchased.

One pitfall must, however, be ncted. In the demonstra-
tion of the supply curves for the firms, and hence of the
industry, it was assumed that factor prices were fixed.
Though this is fair enough for a single firm, the fact is
that if all firms together attempt to increase their outputs
in response to an increase in the price of the product, they
arelikely to bid up the prices of some or all of thefactors
of production that they use. In that event the product
supply curve as calculated will overstate the increase in
output that will be elicited by an increase in price. A more
sophisticated type of supply curve, incorporating induced
changes in factor prices, is therefore necessary. Such
curves are discussed in the standard literature of this
subject.

Marginal product. It is now possible to derive the rela-
tionship between product prices and factor prices, which
is the basis of the theory of income distribution. To this
end, the marginal product of a factor is defined as the
amount that output would be increased if one more unit
of the factor were employed. all other circumstances re-
maining the same. Algebraically, it may be expressed as
the difference between the product of a given amount of
the factor and the product when that factor is increased
by an additional unit. Thus if MP;(x;) denotes the mar-
ginal product of factor | when x; units are employed,
then MP.(x:) = f(xs T 1,20, ..., x0 k) — flay, 220 . .,
x.; K). The marginal products are closely related to the
marginal rates of substitution previously defined. If an
additional unit of factor 1 will increase output by f; units,
for example, then one more unit of output can be ob-
tained by employing 1/f. more unitsof factor 1. Similarly,
if the marginal product of factor 2 is f., then output will
fall by one unit if the use of factor 2 is reduced by 1/f.
units. Thus output will remain unchanged, to a good ap-
proximation, if 1/f, units of factor 1 are used to replace
1/f. units of factor 2. The marginal rate of substitution
istherefore f./f, or the ratio of the marginal products of
the two factors. It has already been shown that the mar-
ginal rate of substitution also equals the ratio of the
prices of the factors, and it therefore follows that the
prices (or wages) of the factors are proportional to their
marginal products.

Thisisone of the most significant theoretical findingsin
economics. To restate it briefly: factors of production are
paid in proportion to their marginal products. Thisis not
a question of social equity but merely a consequence of
the efforts of businessmen to produce as cheaply as possi-
ble.

Further, the marginal products of the factors are closely
related to marginal costs and, therefore, to product
prices. For if onemore unit of factor 1 isemployed, output
will be increased by MP.(x:) units and variable cost by
p1; so the marginal cost of additional units produced will
be p./MP:(x,). Similarly, if additional output is ob-
tained by employing an additional unit of factor 2, the
marginal cost will be p./MP.(x.). But, as shown above,
these two numbers are the same; whichever factor i is
used to increase output, the margina cost will be
p:/MP; (X,) and, furthermore, the firm will choose its
output level so that the marginal cost will be equal to the
price, pe.
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Thus it has been found that p; = pMPi(x:), p: =
peMP:(x,), ..., 0r the price of each factor isthe price of
the product multiplied by its marginal product, which is
the value of its marginal product. This, aso, is a funda-
mental theorem of income distribution and one of the
most significant theorems in economics. Its logic can be
perceived directly. If the equality is violated for any fac-
tor, the businessman can increase his profits either by
hiring units of the factor or by laying them off until the
equality is satisfied, and presumably the businessman will
do so.

The theory of production decisions in the short run, as
just outlined, leads to two conclusions (of fundamental
importance throughout the field of economics) about the
responses of business firms to the market prices of the
commodities they produce and the factors of production
they buy or hire: (1) the firm will produce the gquantity
of its product for which the marginal cost isequal to the
market price and (2) it will purchase or hire factors of
production in such quantities that the price of the com-
modity produced multiplied by the marginal product of
the factor will be equal to the cost of a unit of thefactor.
The first of these conclusions explains the supply curves
of the commodities produced in an economy. Though the
conclusions were deduced within the context of a firm
that uses two factors of production, they are clearly
applicablein general.

LONG-RUN ADJUSTMENTS

The theory of long-run profit-maximizing behaviour rests
on the short-run theory that has just been presented but is
considerably more complex because of two features: (1)
long-run cost curves, to be defined below, are more varied
in shape than the corresponding short-run cost curves,
and (2) thelong-run behaviour of an industry cannot be
deduced simply from the long-run behaviour of the films
in it because the roster of firmsis subject to change. Itis
of the essence of long-run adjustments that they take
place by the addition or dismantling of fixed productive
capacity by both established firms and new or recently
created firms.

At any one time an established firm with an existing
plant will make its short-run decisions by comparing the
ruling price of its commodity with cost curves corre-
sponding to that plant. If the priceis so high that the firm
is operating on the rising leg of its short-run cost curve,
its marginal costs will be high— higher than its average
costs—and it will be enjoying operating profits, as shown
in Figure 3. The firm will then consider whether it could
increase its profits by enlarging its plant. The effect of
plant enlargement is to reduce the variable cost of pro-
ducing high levels of output by reducing the strain on
limited production facilities, at the expense of increasing
thelevel of fixed costs.

In response to any level of output that it expects to
continue for some time, the firm will desire and eventu-
ally acquire the fixed plant for which the short-run costs
of that level of output are aslow as possible. Thisleads to
the concept of the long-run cost curve: the long-run costs
of any level of output are the short-run costs of produc-
ing that output in the plant that makes those short-run
costs as low as possible. These result from balancing the
fixed costs entailed by any plant against the shod-run
costs of producing in that plant. 'The long-run costs of
producing y are denoted by LRC(y). The average long-
run cost of y is the long-run cost per unit of y (algebrai-
caly LAC(y) = LRC(y)/y). The marginal long-run
cost is the increase in long-run cost resulting from an
increase of one unit in the level of output. It represents a
combination of short-run and long-run adjustments to a
slight increase in the rate of output. It can be shown that
the long-run marginal cost equals the marginal cost as
previously defined when the cost-minimizing fixed plant
isused.

Codts in the long run. Cost curves appropriate for
long-run analysis are more varied in shape than short-run
cost curves and fall into three broad classes. In constant-
cost industries, average cost is about the same at all levels
of output except the very lowest. Constant costsprevail in
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manufacturing industries in which capacity is expanded
by replicating facilities without changing the technique o
production, as a cotton mill expands by increasing the
number of spindles. | n decreasing-cost industries, average
cost declines as the rate of output grows, at least until the
plant is large enough to supply an appreciable fraction o
its market. Decreasing costs are characteristic of manu-
facturing in which heavy, automated machinery is eco-
nomical for large volumes of output. Automobile and
steel manufacturing are leading examples. Decreasing
costs are inconsistent with competitive conditions, since
they permit afew large firmsto drive all smaller competi-
torsout of business. Finally, in increasing-cost industries
average costs rise with the volume of output generally
because the firm cannot obtain additional fixed capacity
that is as efficient as the plant it already has. The most
important examples are agriculture and extractive indus-
tries.

CRITICISMS OF THE THEORY

The theory of production has been subject to much criti-
cism. One objection is that the concept of the production
function is not derived from observation or practice.
Even the most sophisticated firmsdo not know the direct
functional relationship between their basic raw inputs
and their ultimate outputs. This objection can be got
around by applying the recently developed techniques of
linear programming, which employ observable datawith-
out recourse to the production function and lead to
practically the same conclusions.

On another level the theory has been charged with ex-
cessive simplification. It assumes that there are no
changesin the rest of the economy while individual firms
and industries are making the adjustments described in the
theory; it neglects changes in the technique of produc-
tion; and it pays no attention to the risks and uncertain-
ties that becloud all business decisions. These criticisms
are especially damaging to the theory of long-run profit
maximization. On still another level, critics of the theory
maintain that businessmen are not always concerned with
maximizing profitsor minimizing costs.

Though all of the criticisms have merit, the simplified
theory of production does nevertheless indicate some
basic forces and tendencies operating in the economy.
The theorems should be understood as conditionsthat the
economy tends toward, rather than conditions that are
always and instantaneously achieved. It is rare for them
to be attained exactly, but it is just as rare for substantial
violations of the theoremsto endure.

Only the simplest aspects of the theory were described
above. Without much difficulty it could be extended to
cover firms that produce more than one product, as a-
most all firms do. With more difficulty it could be applied
to firms whose decisions affect the prices at which they
sell and buy (monopoly, monopolistic competition, mo-
nopsony). The behaviour of other firms that recognize the
possibility that their competitors may retaliate (oligopo-
ly) is still a theory of production subject to controversy
and research.
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Productionand Consumption,
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A significant development in the intellectual history of
the 20th century has been the explicit recognition by
economists, politicians, and the public at large of the
importance of government in the operation of the econo-
my. An older view, popular in the 18th and 19th cen-
turies, held that "that government is best which governs
least." This usually was interpreted to mean that govern-
ment should restrict its activities to defense, to fire and
police protection, to the performance of various admin-
istrative tasks, and to certain statistical and other services
that do not lend themselves well to the efforts of firms
and private individuals. Indeed, most of these tasks were
performed by private armies, volunteer fire departments,
vigilantes, etc. A more common view now isthat all levels
of government (central, regional, local) are, and must
be, important participants in the production and con-
sumption decisions of a modern economy.

THE PUBLIC AND PRIVATE SECTORS

The idea that government, especially the central govern-
ment, must participate in basic economic decisions is not
in itself entirely new. Some governments have completely
dominated the lives of their people. In the past, this was
frequently associated with a marriage between secular
and religious power, the outstanding illustration being the
civilization of the Incas, in which the emperor was at
once the divinity, the lawgiver, and the law in a society
planned down to the last detail. Remote from the con-
cerns of modern industrial economies as such societies
seem, they do show the possible social costs of excessive
centralization. The technical aspects of excessive centrali-
zation are, however, more germane to present-day prob-
lems, and these will be discussed below.

The modern conception of the economic role of the
public (government, as distinct from private) sector is
that the various levels of government must be recognized
as major links in the economic process. Their contribu-
tions to political and economic welfare must, however, be
evaluated, not merely in terms of technical efficiency but
aso in the light of acceptability to a particular society at
a particular state of political and economic development.
Even in a dictatorship, this principle is formally ob-
served, although the authorities usually destroy the sub-
stance by presuming to interpret to the public its collec-
tivedesires.

The relative efficiency of the private and public sectorsin
alocating economic resources (capital, labour, materi-
als) must be subject to continuous appraisal by an esti-
mate of the comparative costs and benefits of resource-us-
ing projects entrusted by society to the public or private
sectors. Indirect costs and benefits, which are often cru-
cial to the decision whether a given project should be
undertaken by private industry or by government, are
difficult to estimate. For example, a new public highway
may contribute to the enjoyment of the automobile and
may reduce transport costs, but it also may destroy the
ecology of a wilderness area. In the private sector, pro-
duction of acheap and safe airplane may enhance leisure
and increase the mobility of business executives, but it
aso may add seriously to the noise level. Budgeting, in
the broadest sense, then, involves the weighing of alterna-
tive costs; and these costs are not merely the obvious,
tangible ones that are taken into account in much cost-
benefit analysis but include such fundamental, yet intan-
gible, consequences as the impact on the future of deci-
sions made in the present.

Modern societies recognize, therefore, that one of their
basic concerns is continuously to weigh alternatives with
respect to the optimum allocation of resources between
and within the public and private sectors. Once the con-
cept of socia welfare that is acceptable to a national
ethos has been established, it must be recognized that
there is no presumption in favour of either public or
private responsibility for economic decisions. The palm is
awarded on the basisof comparative efficiency.

Two subjects will occupy the remainder of this article.
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Thefirst isa consideration of the logical basisfor arriving
at the optimal ratio of public to private spending; the
second, an examination of the significance of trends in
public and private spending for the centralization of eco-
nomic power.

A clarification of terms is necessary at the outset. A
strictly private good is one that can be consumed by only
one purchaser: if X buys and consumes an orange, it is
not available to Y. A strictly public good, on the other
hand, is equally enjoyable by everyone. A park is accessi-
ble to all, even though wealthy taxpayers may contribute
a relatively high proportion of its cost. (There are, ob-
viously, mixed cases in between these two extremes.)
Two points need to be observed with respect to this dis-
tinction. First, although governments usually produce the
bulk of public goods, they also produce toll roads, sub-
ways, electricity, and air-travel services that are sold in
markets just as are goods produced by private firms. The
widespread use of subsidies to hold down the prices of
these services confuses matters, however, for subsidies
involve a transfer of purchasing power from taxpayers to
the users of the government-produced output. Converse-
ly. business firms may produce goods that are not sold in
private markets. An example is military aircraft. Second,
the distinction between public and private goods, though
it is a handy one for logical thinking, is not absolutely
clear-cut. Many public, or collective, goods could be sold
in private markets. Flood control, for example, may in-
volve the creation of artificial lakes that can be enjoyed
by all without charge. On the other hand, the government
could sell these services in the same way that the owner of
a private amusement park does. Again, flood-control in-
stallationsmay lead to arise in the value of surrounding
land, and the government conceivably could charge rent
to the beneficiaries.

THE ALLOCATION CF RESOURCES

A principle is needed to determine the amount of re-
sources that should be devoted to the production of pub-
lic goods. Such a principle exists in the private sector,
where the allocation of resources is determined by (1)
consumers, when they attempt to derive the most satisfac-
tion in distributing their incomes between consumption
and saving and between different types of consumers
goods and services, and (2) producers, in maximizing
profit plus some combination of other possible business
objectives (the firm's desired position in the industry, for
example, or its anticipated size at some future date).
Clearly, such a principle also exists with respect to public
goods, except that here a complex political process aims
at interpreting the desires of the public with respect to
what public goods should be produced and how they
should be financed. (It should be noted that consumer
choice in any literal sense is often rather remote from
reality in the provision of both private and public goods
and services. Just as firms successfully influence consum-
ers by advertising campaigns, so in the public sector a
variety of pressures are brought to bear on the voter.)
Public discussions of government activity often revolve
around the issue of taxation. But it is important not to
overestimate the part played by the tax decision in the
budgetary process. The taxes that pay for the production
and distribution of public goods do, of course, reduce the
ability of individuals and firmsto purchase private goods.
Taxes, along with government borrowing, are one of the
financial instruments utilized for transferring resources
from the private to the public sector. But the decision 1o
tax usually plays a subsidiary role in the decison to
transfer resources to the government. Taxation is espe-
cially important when a subordinate level of government
elects to restrict its spending to receiptsfrom a given tax
system, and there have been many cases in which an
inefficient central-government tax structure has discour-
aged extensive spending programs. It is much more usual,
however, for the government to decide first on the pro-
gram, even when spending and tax proposals are presented
simultaneously to the legislature in an integrated budget.
In a progressive economy, tax receipts rise automatically
with rising national income and spending. To the extent
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that no tax rate increases are necessary to finance expand-
ed public-spending programs, the tax decision is likely to
be subordinate to the spending decision. In an era of
sharply rising public demand for collective goods and
services, the automatic rise in tax receipts from a given
tax structure will be inadequate; and distaste for higher
tax rates is very likely to constrain decisions with respect
to government resource taking.

The preceding remarks can be summarized as follows:
the decision on the proportion of available resources to
be devoted over a given period of time to public and
private goods is a budgetary matter. But the budgetary
decision is not merely a choice between the anticipated
benefits of the public goods and the additional taxes re-
quired to finance them. (Thisis, of course, an important
consideration in the political implementation of any de-
cision to change the level of public spending, for taxes are
likely to be prominent in the methods of financing that
have to be considered.) The fundamental decision is,
rather, the choice between devoting a certain amount of
physical resources to the production of commodities for
purchase in private markets and alocating the same re-
sources to the output of public goods.

In a small country with a homogeneous population and
a stable political system, this decision is likely to be made
rather smoothly. Indeed, the very smoothness may be a
source of concern if the favourable effects of a reasonable
amount of conflict on economic and social progress are
considered. It does not necessarily follow that in a large
country, beset by an array of complex issues, there may
not be periods during which the weight of public opinion
unambiguously favours a rise or a fall in the proportion
of public to private goods. Usually, however, there is
much division of opinion.

The answer to what it is that determines whether a
nation feels comfortable with a particular distribution of
resources between public and private use can be given
most broadly by reference to the concept of balance, but
it is necessary to know what it is that has to be balanced.
The term balance may itself be somewhat misleading;
sometimes a country progresses more rapidly with imbal-
ance, in the usual sense of the term, than with balance.
There is considerable debate over the relative merits of
balanced and unbalanced growth and therefore of bal-
ance and imbalance in the constituents of growth, includ-
ing public and private spending. |mbalance would be jus-
tified, for example, if there were reason to believe that
public spending would, in the foreseeable future, be more
effective than would private investment in opening up
new markets. One example is education, which might be
expected to have the incidental effect of creating more
sophisticated wants on the part of the general public. An-
other is massive government spending on the conserva-
tion of natural resources, pure air and water, and open
spaces— necessary ingredients of a viable society in fu-
ture generations.

It is possible, nevertheless, to accept the view that, with
a sufficiently broad horizon, efficiency callsfor balance in
the use of resources by the public and private sectors. The
question then becomes one of whether there are any
mechanisms that tend to keep society on the desired path.
The idea that such a mechanism exists in the "way of
growth" of the social organism is deep-seated and of
ancient lineage. Heracleitus thought that deviations from
the inherent growth process of the organism are pun-
ished. The frequent recurrence of this idea in the history
of thought probably owes something to the feeling that
man usually manages to "'muddle through." With respect
to public expenditure, even a persistent tendency for a
rise in the ratio of public to private spending is not neces-
sarily inconsistent with the idea of a self-steering mecha-
nism. One might share the view of the 19th-century Ger-
man economist Adolph Wagner that not only will the
state inevitably increase the scope of its activities so tha*
its share in national output continuously rises but thai
this is socially desirable. On this view, balance refers to
the change in the ratio of public to private spending, not
totheratioitself.

Wagner couched his argument in terms of per capita
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Economic
budgeting

government spending and national output. It is not diffi-
cult to understand that public expenditures tend to rise
proportionately more than the rise in population. So do
private expenditures. Rising trends in productivity, due
largely to technological progress, imply rising per capita
real income. This "social dividend" is at the disposa of
society and is hardly likely to be divided between the
public and private sectors in such a way that only one of
them benefits from it. Thus, in an absolute sense, both
public and private resource use can rise, and the "law™ o
increasing per capita public expenditure is really only a
manifestation of economic progress.

Such a tendency does not imply any inevitable increase
in governmental functions. Even though there may be no
theoretical ceiling on the proportion of public to private
spending short of the government's responsibility for all
of it, political and economic pressures build up against
an indefinite increase in the ratio. Even in national states
subject to highly centralized planning, these pressures
become important when the proportion of public to total
spending enters the range of about 35 to 40 percent.

The pressures that ultimately work against an indefinite
increase in the ratio of public to total spending may be
summed up in the concept of balance, and this, in turn, is
the essence of economic budgeting. Economic budgeting
is a form of planning wherein the objectives of govern-
ment spending programs are carefully weighed against
the sacrifice entailed to private spending programs if the
former are accepted. Part of government spending is
allocated to projects that cannot efficiently be carried out
by the private sector. In this case, balance must be sought
in terms of the contribution of these projects to social
welfare if they are accepted. The rest of government
spending is on projects that might be carried out by either
government or the private sector, and here the choice
should be determined by comparative efficiency.

In the absence of formal central planning, society de-
pends on political forces to keep the balance of public
and private spending at a point that represents the opti-
mum technical relationship between the two, but it may
be difficult— shortof a high degree of formal planning—
to determine whether this relationship is in fact the cri-
terion accepted in governmental decisions. It is to be
noted that the decision is not solely in the hands o the
government. When firms and individuals are determined
to increase or maintain their resource taking—if neces
sary by borrowing from the banks—prices may be driven
up; and governmental appropriations made in money
terms will be found to command fewer real resources
than expected. If government then backtracks from its
original plans (in the interest of inflation control), the
private sector will have succeeded in tilting the balance in
resource distribution between it and the public sector.

No distinction has so far been made between investment
and consumption spending. With respect to the former,
the comparative roles of the public and private sectors
will depend on which category of investment is expected
to make the greater contribution to economic growth.
The ratio between public and private consumption spend-
ing is decided by the legidlative and executive branches of
government, responding to the interaction of group pres-
sures. The specia interests include not only private lob-
bies but also the various government agencies charged
with administering programs concerned with public con-
sumption. Their conflicting aims are resolved periodically
in each budget. | n wartime the criteria are different. Mili-
tary expenditures, though necessary to achieve national
objectives, do not contribute significantly to the accumu-
lation of productive capital and must therefore be treated
as public consumption. Within limits imposed by the ne-
cessity of feeding and clothing the population, govern-
ment consumption takes precedence over private con-
sumption in time of war. The public-consumption target
is simply taken to be the maximum that is possible with-
out significantly injuring the will or the capacity to fight.
The magnitudes involved may be illustrated by the exper-
ience of the United States in World War II. In 1944,
out of a national income of $183,000,000,000, some
$103,000,000,000, or 56.5 percent, was devoted by all lev-

elsof government to public spending. | n 1940 the percent-
age had been 22.6. Large as the increase was, it did not
represent the maximum possible; to a surprising extent,
the United States was able to have both guns and butter
in World War II.

HISTORICAL TRENDS

The historical rise in government spending in nearly all
countries in the 19th and 20th centuries cannot be taken
as a measure o either the relative importance of govern-
ment as a whole in economic decision making or the
comparative roles of the central and lower levelsof gov-
ernment. Inflation aside, in most countries the major rea-
sons for the persistent rise in public spending since the
middle of the 19th century have been war and the prepa-
ration for war, the rise in the cost of pensions for soldiers
of former wars, the great increase of the administrative
role of government in response to expanded and urban-
ized populations, and the marked rise in the demand for a
varied list of public services as the vote was gradually
extended to the lower income classes.

Writing in 1890, the Irish economist Charles Bastable
observed that "“in nearly all modern States outlay is
steadily increasing," and "'the older doctrines of economy
and frugality have disappeared.” He was referring to doc-
trines that had developed in the latter part of the 18th
century, particularly in connection with the Industrial
Revolution. He did not mean that there had been a "' gold-
en age" in which governments entirely refrained from
interfering in the private sector. As Bastable himself
pointed out, even the strictures of Anne-Robert-Jacques
Turgot and Adam Smith on "excessive' government in-
tervention did not preclude the encouragement of new
industries.

In western Europe there was a long tradition of govern-
ment influence on private economic decisions. The inter-
ventionist policies in the England of Henry VIII, Eliza-
beth |, and Oliver Cromwell, the France of Louis XIV
and Colbert, and the Russia of Peter the Great are exam-
ples of such influence. But the sense of confidence con-
ferred on the industrial class by the industrial and trans-
portation revolutions of the 19th century, especiadly in
Britain and the United States, produced an atmosphere
that was unfavourable to government intervention. This
did not, however, prevent rising pressure for government
spending on economic resources, together with a secular
rise in the magnitude and variety of the output of public
goodsthat isstill in evidence at the present time.

The complaints of the 19th-century exponents of lais-
sez-faire are echoed today by the 20th-century “neoliber-
as" who deplore "governmental” interference with the
free-market mechanism in the form of subsidies and tax
incentives to business firms and even to individuals (for
example, incentives to save rather than consume or to in-
vest savingsin government securities). Opponents of gov-
ernment intervention are not, however, concerned as much
with the increased role of government in economic affairs
as they are with the social cost of interference in the
market mechanism. This cost takes two forms: (1) de-
creased efficiency of the market mechanism as an instru-
ment for the efficient allocation of resources and (2) the
arrogation of power by the central government.

As long as the ratio of public to private spending is not
extremely high and is not rising rapidly, government in-
tervention in the market mechanism carries more of a
threat than does the rise in government output; however,
the two phenomena are closely related. For example,
despite a stated policy aimed at restraining federal expen-
ditures in the U.S. during the first 30 years of the present
century, these expenditures nevertheless rose greatly. The
reason was a tremendous expansion in services (i.e., pub-
lic goods) to agriculture, commerce, and industry. On the
one hand, this diversion of resources from the private to
the public sector was designed to encourage economic
growth by adding to the efficiency of the private sector;
on the other hand, in providing these services, the federal
government enhanced its own role in the economic pro-
cess.

The tendency is not inevitable. The costs of centraliza-
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tion may become so burdensome that they produce a
countertendency toward decentralization. |n some indus-
trialized countries, the public goods demanded by an in-
creasingly sophisticated and urbanized public are felt to
be more efficiently provided by secondary political units
and by localities rather than by the central government;
there is also the feeling that conscious efforts ought to be
made to avoid excessive concentration of power in a
central government that is remote from many loca prob-
lems. It is not possible to predict how the contest between
centralizing and decentralizing forces will be resolved.
But it is of interest that national plans are devoting more
and more attention to the gains in efficiency to be derived
from a measure of decentralization of authority.

BIBLIOGRAPHY. A useful introduction is J.m. BUCHANAN,
The Public Finances (1965), especidly ch. 5, *"Reasons for
Growth of the Public Sector.”” On a more theoretical level
are L. JoHANSEN, Public Economics (Eng. trans. 1965); and
RA. musGrave, The Theory of Public Finance (1959). The
question of whether the public sector df the economy ought
to be expanded is dealt with in .M. BATOR, The Question of
Government Spending (1960); and J.K. carsraitH, The Af-
fluent Society (1958). For historical trendsin public expendi-
ture, see c.F. BAsTABLE, Public Finance (1892); H.F. WILLIAM-
son (ed.), The Growth of the American Economy, 2nd ed.
(1958); and A.T. PEacock et al., The Growth of Public Ex-
penditure in the United Kingdom (1961).
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Production M anagement

Production, though it is often thought of asthe processes
involved in the operation of a manufacturing plant, is not
restricted to the making of material objects; it may also
include the performance of services, such as maintenance
or transportation. Production management is concerned
with planning and controlling the process of production
so that it moves smoothly at the required level.

Flow channels. In alarge enterprise, a complex man-
agerial system may be needed to do the work of advising,
coordinating, controlling, and providing services to the

From production departments. In the last analysis, production
customer  management consists of making choices about the use
todrawing of men, money, materials, and time. The way thisis done
board

sales

in one fairly typical manufacturing firm is shown in the
Figure, in which the main flow channels of instructions,
information, and materials, are outlined. The sales de-
partment (number 1 in the Figure) analyzes the market
for the firm's products. It also carries out market re-
search to estimate the selling potential of new products.
It makes a sales forecast (2) and submitsit to top man-
agement. The financial department, in consultation with
the production department, draws up a production bud-
get (3). The proposed budget and the sales forecasts are
closely scrutinized by management, and decisions as to
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the annual or semi-annual quantity of a given item to be
produced are reached. The engineering department (4)
is then instructed to prepare drawings, parts lists, and
specifications or to check and modify existing ones. The
manufacturing budget is adjusted correspondingly. In-
structions are issued to the production planning and con-
trol department (5) specifying the quantities to be made
and their delivery schedules. The necessary technical in-
formation (6) is obtained from the engineering depart-
ment (including drawings, parts lists, specifications, stan-
dards, and so forth) and passed on to the planning section.

One of the first functions of the production planning
and control department is to be well informed about the
availability of materials and the expected delivery dates
of materials already ordered (7). Detailed schedules are
prepared. Inventory levels are checked to determine the
orders that have to be issued (8) for procurement of
materials and standard parts. Parts and assemblies that
are subcontracted are also ordered by the purchasing
department. When these purchased materials arrive, they
are inspected and stored (9) until instructions to release
them to the shops are received. The production-planning
section supplies all the necessary data on methods of
production, the loading of machines, and machine utiliza-
tion, as well as production schedules, to the control sec-
tion (10) for dispatching. The control section ieleases
orders (11) for materials, tools, fixtures, and so on. Sup-
plies (12) are released to the shop. Detailed production
orders (13) are dispatched to the shop by the produc-
tion-control section, specifying what, how, when, and
where operations should be performed.

The control functions continue throughout the manufac-
turing period, and progress is constantly compared with
the schedules so that suitable modifications may be con-
sidered and made when required. Inspection orders (14)
are released. This is the function known as quality con-
trol, and its purpose is to ensure that the product con-
forms to specifications. Final inspection is carried out
before the product leaves the shop. Evaluation of the
production operations is the main part of the control
function and has to be carried on both during and after
these operations. Inspection reports (15) are one element
of evaluation; they form the basis for corrective changes
in the processes or methods of production, and sometimes
even for changes in the specifications of raw materials.
The production planning and control department reports
on the progress of the work (16) to the management
official responsible for manufacturing. These reports also
go to the financial control department. The control sec-
tion also evaluates data obtained from the shops about
operation times, the idle time of men and machines, the
causes and effects of breakdowns, fluctuations in output,
and thelike. The officia responsible for manufacturing in
turn reports (17) to management, which also receives a
report (18) from the financial department. The finished
product is transferred to stock (19). Finally, the product
is delivered to the customer (20), who, after comparing
the characteristics of the product with those of its com-
petitors and with his expectations, is ready to contribute
his views and reactions to market researchers.

This general description of one manufacturing firm's
operations is sufficient to indicate the various activities
and functions that comprise production management.
Some of these may be examined in more detail.

The control function. Much of production manage-
ment is concerned with control. Control has two pur-
poses: first, to ensure that operations are performed ac-
cording to plan and, second, to evaluate the production
plan and to see whether a better one could not be devised
in the light of the experience gained. Production control
may be divided into four stages: (1) the observation and
recording of progress, (2) the analysis of factual data in
relation to plans and objectives, (3) the taking of correc-
tive action to modify plans and redirect activities, and
(4) evaluation. In each of these stages the production con-
troller has to take certain steps or perform certain op-
erations. Examples of these, as they relate to the control
of processes, to the control of inventory, to inspection,
and to cost control, appear in the Table.
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Control of
variety

Production-control Activities
processes inventory inspection costs
Observation measuring rate recording inspecting collecting
of output; stock levels materials cost data
recording idle and parts
time or downtime
Analysis comparing analyzing estimating computing costs
progress with demand for process in relation to
the plan stocksin capabilities estimates
different
uses and at
different times
Corrective expediting issuing initiating adjusting
action production and full inspection; selling price
procurement adjusting of product
orders processes
Evaluation estimating drawing up reassessing evaluating
production replenishment specifications; production
capacity and policies and improving €Conomics,
maintenance inventory processesand improving data
schedules systems procedures

One of the important problemsin production manage-
ment is control of the variety of products, materials, and
methods. Variety, from the standpoint of management, is
a kind of disorder; it has a tendency to grow, unless a
conscious effort is made to limit it. Variety is encouraged
by the efforts of salesmen to meet the individual tastes of
their customers. From the standpoint of the firm there are
advantages in having a variety of products: it can satisfy
a wider range of demand, it can hold customers who
might be inclined to take their business elsewhere, it can
adjust more readily to changes in the market, and it may
thus be enabled to expand its business into new linesor to
acquire new categories of customers. But there are also
advantages in limiting the variety of products: the firm
can then operate with smaller stocks of materials and
finished goods, and with less plant and equipment; it can
simplify production planning and control procedures; it
can reduce the range of skills required and simplify its
training methods; and it can get higher output per man-
hour.

A balance must therefore be sought. There are not many
products for which demand is high enough to justify the
existence of specialized production lines working on a
continuous schedule. The desire to keep productionfacili-
ties busy, coupled with the pressure from customers who
increasingly prefer variations of the basic product instead
of the standard model, lead inevitably to a diversification
of products. It is not uncommon, among firms with a
diversified product range, to find that one-quarter of the
products account for three-quarters of the total sales re-
ceipts and there have been casesin which 10 or 20 percent
of the products were responsible for more than 80 per-
cent of the receipts.

Scheduling.  Production scheduling involves sequencing
the activities of the plant so that the product will emerge
from the assembly line at the time set for it. Thistask be-
comes complex when the same facilities are used for sev-
eral products, or when some jobs can be run concurrently
while others must be done in sequence. | n some cases the
problem is to steer the job through the system, whenever
alternative routes exist, and to determine the queuing
discipline at each queue—that is, to order the jobs in the
sequence in which they are to be processed by each ma-
chine. I n other cases there is the problem of determining
production levelsfor each product in order to meet vari-
ouslevelsof demand.

Project scheduling. When a project consists of numer-
ousindividual jobs, only some of which haveto be carried
out in a particular sequence, it is necessary to draw up a
schedule showing which jobs control the completion of
the project. An example of such a project is the construc-
tion of an office building, in which some operations (for
example, the steelwork) are prior to the performance o
others, such as brickwork, although both may take place
concurrently in different locations. One approach to thisis
network, or critical-path, analysis. The project plan is
drawn upin the form of a network diagram, consisting of
arrows which each represent a particular job; the points
where the arrows join (called nodes) denote the starting

or finishing of jobs. The network will show which jobs
are concurrent and which follow a sequence. The dia-
gram makes it possible to determine the "critical path"
that consists of all the jobs whose actual duration must
not exceed a given minimum if the project is to be com-
pleted on schedule. The use of network analysisin project
scheduling alows the reallocation of resources and the
rearrangement of the sequence of jobs at the planning
stage and also provides an effective means of control dur-
ing the execution of the project.

Job-production scheduling. |In some cases several or-
ders have to be processed on common facilities or produc-
tion centres, each job having its own unique specifications
and requirements in terms of production resources. A
"job" may be defined as an order consisting of a single
item or a batch of identical items. The scheduling prob-
lem is to determine the sequence in which jobs should be
processed at each centre—that is, the scheduling rules or
the "'queuing disciplines” that should be adopted.

A distinction can be made between the static case, in
which a fixed number of available jobs needsto be sched-
uled, and the dynamic case, in which jobs arrive in se-
guence, sometimes at random, and in which scheduling is
a continuous activity. Another distinction is usually made
between jobs in which processing times are known in
advance or at the time of scheduling, and jobs in which
processing times may deviate from given estimated times.

The objectives of job scheduling are the minimization of
total timefor a given number of jobs, the minimization of
the average (or the variance or both) of time (or delay
time) per job, the meeting of due dates (when jobs are
due to leave the production system) or the minimizing of
deviationsfrom given due dates. One method of compar-
ing the relative merits of alternative scheduling rulesisto
use simulation. This consists of generating, with the aid
of a computer, simulated jobs with an arrival pattern and
work content similar to the situation under stndy, and
experimenting with various control procedures.

Batch-production scheduling. | n casesinwhich the rate
of production exceeds the rate of demand, an item may
be produced in batches in order to avoid excessive stock
building. Between batches of one product the manufac-
turing facilities are available for other products. The
scheduler has to determine the batch sizes of the various
products and the order in which they should be produced.
Two methods have been used to solve this problem. One
employs mathematical programming; the other uses a
mathematical model that attempts to maximize the ratio
o profit to production costs for the whole production cy-
cle (in which all the products are produced at least once
in turn) by calculating batch sizes of the productsin the
ratio of their demand.

Continuous-production scheduling. When the demand
for a product is high enough to justify production on a
continuous basis, the production level may need to be
adjusted from period to period because of fluctuating de-
mand. Thisis caled the production-smoothing problem.
When more than one product isinvolved, it may be treat-
ed either as an aggregate-production-smoothing problem
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(in which the production level for the system as a whole
is determined and then broken down into schedules for
each product), or as a variant of the batch-production
problem.

Two principal methods of solving the production-
smoothing problem are: (1) the use of linear program-
ming to compare the costs of using alternative produc-
tion resources (such as regular time, overtime, or sub-
contracting) in relation to the constraints on the avail-
ability of resources and on minimum-demand require-
ments that must be met; and (2) production-decision
rules that take account of future demand in the light of
the present level of production (and, when appropriate,
employment). Both methods are chiefly concerned with
minimizing costs over a given period o time.

Inventory control. Inventories include raw materials,
component parts, work in process, finished goods, pack-
ing and packaging materials, and genera supplies. The
control of inventories, vital to the financial strength of the
firm, in general involves deciding at what points in the
production system stocks shall be held and what their
form and size are to be. As some unit costs increase with
inventory size—including storage, obsolescence, deteriora-
tion, insurance, investment — andother unit costs decrease
with inventory size—including setup or preparation costs,
delays because of shortages, and so forth—a good part of
inventory management consists of determining optimal
purchase or production lot sizes and base stock levels
that will balance the opposing cost influences. Another
part of the general inventory problem is deciding the
levels (reorder points) at which orders for replenishment
o inventories are to be initiated.

Inventory control is concerned with two questions: when
to replenish the store and by how much. There are two
main control systems. The two-bin system (sometimes
called the min-max system) involves the use of two bins,
either physically or on paper. The first bin is intended
for supplying current demand and the second for satisfy-
ing demand during the replenishment period. When the
stock in the first bin isdepleted, an order for agiven quan-
tity is generated. The reorder-cycle system, or cyclical-
review system, consists of ordering at fixed regular in-
tervals. Various combinations of these systems can be
used in the construction of an inventory-control pro-
cedure. A pure two-bin system, for example, can be
modified to require cyclical instead of continuous review
of stock, with orders being generated only when the stock
falls below a specificlevel. Similarly, a pure reorder-cycle
system can be modified to allow ordersto be generated if
the stock falls below the reorder level between the cycli-
cal reviews. | n yet another variation, the reorder quantity
in the reorder-cycle system is made to depend on the
stock level at the review period or the need to order other
products or materialsat the same time or both.

Other aspects of production management. On a broad-
er scale the concerns of production management include
the effective use of all resources available to the enter-
prise. These resources include manpower, materias, ma-
chines, money, and methods.

The effective use of manpower has long been the object
of work-study techniques first developed by an American
industrial engineer, Frederick W. Taylor (1856-1915),
who introduced time-and-motion studies, as well as sys-
tems of incentive pay for labour. The measurement of
repetitive work has come to be widely accepted as a way
o increasinglabour productivity and reducing labour costs.

The effective use of materials often involves investiga-
tions of the causes of scrap and waste, and the study of
alternative materials that may be used in the same pro-
duction process. Likewise, the effectiveness of machines
depends on their suitability for specific tasks, the degree
of their utilization, the extent to which they are kept in
optimum running condition, and the extent to which they
can be mechanically or automatically controlled.

The effective use of financiai resources is generaly re-
garded as being outside the responsibility of production
management. Rut many problems of production manage-
ment have a considerable effect on the finances of the
enterprise: the selection of processes, the installation and
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replacement of equipment, and decisions involving inven-
tory and purchasing policies.

Production management has always made use of quan-
titative analysis. Recent developments in the field of
operations research or, more broadly, in the management
sciences, have increased the mathematical emphasis in
production management (See OPERATIONS RESEARCH).
Mathematical programming techniques have been ap-
plied to a variety of production allocation and scheduling
problems. Queuing theory is used in the analysis of pro-
duction lines and maintenance problems. System simula-
tion, with electronic computers, is used to study the char-
acteristics of complex production systems. From this
point of view the production system consists of a se-
quence of operations that transform a set of physical
inputs (raw materials, components, customers) into a
specified set of physical outputs (finished products, ser-
viced customers). The transformation takes one or more
of the following forms: (1) disintegration, transforming
a single input into several outputs, as in producing steel
bars and sheets from ingots, or a variety of chemical
products from crude oil; (2) integration or assembly,
combining many inputs to produce a relatively small
number of finished products, as in the manufacture of
machines, automobiles, and various chemical products
that are made by blending; (3) service, performing an
operation that changes certain characteristics of an object,
as in maintenance, transportation, or the process of aging.

There is even a possibility that production manage-
ment and other specialized managerial functions may
eventually disappear and be replaced by a general science
of management. Even if thishappens, the actual manage-
ment of production is not likely to become a mere pack-
age of techniques or management by formula. Production
decisions are made by people in human organizations ex-
isting in a dynamic environment, in which only the fact
of changeisconstant.

BIBLIOGRAPHY. A practica handbook is GB CARsON
(ed.), Production Handbook, 2nd ed. (1958). An analytical
approach to production control is s. EILON, Elements of Pro-
duction Planning and Control (1962). The used operational-
research modelsis covered in EH BowmaN and R.B. FETTER,
Analysis for Productron and Operations Management, 3rd
ed. (1967); E S. BUFFA, Production-inventory Systems (1968);
and M K. STARR, Pioduction Management: Systems and Syr-
thesis (1964). More specialized works are m.k. sTARR and
D.W. MILLER, Inventory Control: Theory and Practzce (1962);
and s F. mutH and G.L. THomPsoN (eds.), Industrial Sched-
uling (1963).
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Productivity, Economic

Productivity in economicsisthe ratio of what is produced
to what is required to produce it. Usually thisratio isin
the form of an average, expressing the total output of
some category of goods divided by thetotal input of, say,
labour or raw materials. In principle, any input can be
used in the denominator of the productivity ratio. Thus,
one can speak of the productivity of land, labour, capital,
or subcategories of any of these factors of production.
One may also speak of the productivity of a certain type
of fuel or raw material or may combine inputs to deter-
mine the productivity of labour and capital together or
of all factors combined.

Labour is by far the commonest of the factors used in
measuring productivity. One reason for thisis, of course.
the relatively large share of labour costs in the value of
most products. A second reason is that labour inputs are
measured more easily than certain others, such as capital.
Thisisespecially true if by measurement one means sim-
ply counting heads and neglecting differences among
workers in levels of skill and intensity of work. In addi-
tion, statistics of employment and man-hours are often
readily available, while information on other productive
factors may be difficult to obtain. Not least important in
explaining the emphasis on labour as an input is the fact
that, historically, technological advance has made itself
felt through the displacement of labour — that is, through
increasesin labour productivity — rather than through the
displacement of other factors. Some kinds of labour pro-
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ductivity measures are thus valuable as indicators of this
processand of the resulting improvements in man's mate-
rial well-being.

The productivity of land, though it receives considerably
less attention than the productivity of labour, has been of
historical interest. I n ancient and preindustrial times the
products of the soil comprised the bulk of total output,
and land productivity thus constituted the major ingredi-
entin a people's standard of living. Soil of low productivi-
ty could, and over much of the Earth still does, mean
poverty for aregion's inhabitants. It is, however, no long-
er generally believed, as it was in past centuries, that a
country's economic well-being is inevitably tied to the
productive powers of the land, and the productive potential
of the land itself has proved to be not fixed but greatly
expandable through the use of modern agricultural
methods. Moreover, industrialization, where it has taken
place, has greatly reduced man's dependence on agri-
culture. These circumstances, together with expanding op-
portunities for trade, have enabled some countries to
overcome in substantial degree the handicapsof a meagre
agricultural endowment.

The productivity of capital—plant, equipment, tools,
and other physical aids—is a subject of long-standing
interest to economists, though concern with its empirical
aspects is of more recent origin. Improved statistical re-
porting and the availability of datain a few industrially
advanced countries, notably since World War II, have
encouraged systematic efforts to measure the productivi-
ty of thisfactor. Compared with achievements in measur-
ing labour productivity, however, the progress realized
has been quite limited. There are considerable theoretical
and practical difficultiesto be overcome.

USES OF PRODUCTIVITY MEASUREMENT

As an index of growth. A nation or an industry ad-
vances by using less to make more. Labour productivity is
an especially sensitive indicator of this economizing process
and is one of the major measures used to chart a nation's
or an industry's economic advance. An overall rise in a
nation's labour productivity signifies the potential availa-
bility of alarger quantity of goods and services per work-
er than before and, accordingly, a potential for higher
real income per worker. Countries with high real wages
are usually also those with high labour productivity, while
those with low real wages are generally low in productivi-
ty. If, for the moment, other productive factors are neg-
lected, one can see that the wage level will then be equal
to the total national product divided by the number of
workers; that is, it will be equal to the level of labour
productivity.

The change in a nation's overall labour productivity dur-
ing any given interval represents the sum of changesin the
major economic sectors and industries. Some sectors and
industries move ahead more rapidly than the overall aver-
age while others may gain more slowly or even decline. In
the movement of a country from a level of low productivi-
ty and low income to one of high productivity and high
income a strategic role is played by the industrial, rather
than by the agricultural and other sectors. In the late 18th
and early 19th centuries the effect of the Industrial Revo-
lution was felt first in the manufacture of woollen and
cotton textiles, power generation, the metal trades, and
machine-making industries. Along with the development
of new processes came the development of new products
and services that formed the basis for new industries. An
outstanding feature of these changes was an increased
labour productivity that in turn laid the foundations for
an enormous expansion of output. Technological change
exerted itsinfluence irregularly and unevenly and contin-
uesto do so.

In the compilation of overall averages this diversity is
concealed because high rates in some industries offset
low ratesin others. Thus, the rate of increase of produc-
tivity for the economy as a whole varies within narrower
limits than the spread of ratesamong individual industries
would suggest. Aside from erratic short-term movements,
the rate of growth of productivity may appear to befairly
stable over extended periods. A surge of labour-saving

innovationswould cause the overall average rate to move
higher, while a technological Iull would depress the aver-
age rate. History suggeststhat the surges tend to be associ-
ated with basic technological changes such as, for exam-
ple, the steam engine, the gasoline engine, the electric
motor, and the concept of the standardization of parts.
Once introduced, such inventions or developments are
used in many different industries. These surges tend also
to be associated with such developments as, for instance,
employment of the open-hearth furnacein steel manufac-
ture or the introduction of the steam railroad.

Productivity isvaluable also as an indicator of compara-
tive rates of change among industries and products.
Growth in general can be better understood if the relative
contributions of individual industries and the circum-
stances underlying productivity changes in each of these
industries are understood.

As a measure of efficiency. Productivity is also used
to measure efficiency, as an aid in economic planning and
forecasting, and as a means of assessing the uses to which
resources are being put. As to the first of these, the
efficiency of industrial operations, for instance, may be
evaluated by the yardstick of output per man or machine,
and such a yardstick may also provide the basis for sup-
plemental or premium payments for workers. When pay
Is based on piecework alone, labour productivity becomes
the sole determinant. Productivity may also serve as a
standard for grading and evaluating any group of workers
performing common tasks, distinguishing-the more from
the less productive. And applied to equipment, productivi-
ty standards can indicate when a machine is performing
poorly and isin need of service. | n forecasting, productiv-
ity estimates are useful when it is necessary to be able to
project the performance of the economy at some future
date, given the probable size of the working force. A
variant of thisiscommon in planning for underdevel oped
countries that want to increase their productivity; infor-
mation about target levels of productivity, together with
expectations as to the growth of the labour force and
some undeistanding of the relation between capital per
worker and output per worker, helps in estimating the
amount of capital investment needed to reach the target.
Again, estimates of the probable annual gain in labour
productivity together with estimates of the probable annu-
a increase in output allow one to estimate how many
jobs will become available at some time in the future.
Finally, productivity is a helpful analytical tool in study-
ing the possible allocation of resources among different
uses. The extent to which resources flow to various uses
depends, among other things, on their productivity in each
of those uses. Changes in productivity in the course of
time alter the pattern of use and cause the quantities of
resources required in particular uses to change. The re-
sulting trends depend on several things. On the one hand,
an increase in the productivity of, for instance, labour,
since it means a decrease in labour requirements per unit
of output, will tend to reduce the demand for labour. But
it will alsoimply a cheapening of labour relative to the cost
of other competing factors of production. Hence there
will be a tendency to substitute labour for other factors.
When labour cost represents a large fraction of total cost,
aproductivity increase will contribute toward a reduction
in the price of the product, thereby expanding sales and
with them the demand for labour. The net result will
depend upon the sum total of all of these separate effects.
It is by no means uncommon to find that the expansionary
effects predominate, and many economists consider this
to be the normal outcome. In any event, the productivity
concept and data on productivity trends can contribute
to an understanding of resource and output flows.

As an economic standard. Productivity is an impor-
tant factor in determining prices and wages. Economists
are far from a full understanding of the relations among
the variables, but there is substantial agreement on the
following points:

1. The large increases in real wages that have come
about over the long term in many countries are closely
associated with large increases in labour productivity in
these countries.
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2. In the absence of increasesin labour productivity, a
stable price level is inconsistent with persistent increases
in money wages.

3. Anincrease in labour productivity or in the produc-
tivity of other factorsusually brings with it a reduction in
costs and hence tends to result in price reductions, wage
increases, or both.

4. Inindustries in which sales of products are compara-
tively insensitive to price changes, increases in labour
productivity will tend to reduce employment and possibly
also reduce wages.

5. Wage increases in individual plants and industries
may induce productivity increases by encouraging the
substitution of capital and other factorsfor labour.

This last statement forms the basis for one explanation
o the apparently high rate of mechanization in the Unit-
ed States: abundant economic opportunitiesfor labour on
the land and in the frontier west, it is said, resulted in a
scarcity of labour in industry, and hence in high wages
and intensive mechanization. The same logic, with a re-
verse twist, is sometimes used to account for low labour
productivity in underdeveloped countries. I n thisinstance,
the argument is that very low wage rates make it economi-
cal to rely heavily on labour and to use little capital.
While these explanations leave many things out of ac-
count, they appear to be valid withinlimits.

FACTORS THAT DETERMINE FRODUCTIVITY LEVELS

Thelevel of productivity in a country, industry, or enter-
prise is determined by a number of factors. Theseinclude
the available suppliesof labour, land, raw materials, capi-
tal facilities, and mechanical aids of various kinds. Includ-
ed also are the education and skills of the labour force;
the level of technology; methods of organizing produc-
tion; the energy and enterprise of managers and workers;
and a range of social, psychological, and cultural factors
that underlie and condition economic attitudes and behav-
iour.

These variables interact and mutually condition one an-
other in determining productivity levels and their changes.
Thus, in any country one expects the level of technology,
the skills of the work force, the quantity of capital, and
the capacity for rational economic organization to be
positively correlated. A country with low productivity is
likely to have deficiencies on all counts; a country with
high productivity is likely to score high on al. To put it
differently, the numerous productivity-determining fac-
tors behave as variablesin a system of simultaneousequa-
tions, with all acting concurrently to shape the outcome.
Within this system, there are no grounds for assigning
causal priority to one or a few variables. All interact
mutually to determine the outcome. Within certain prob-
lem frameworks, however, it may be entirely appropriate
and indeed essential for explanatory purposes to empha-
size certain variables over others.

Two broad problem frameworks may be distinguished,
both of them of perennial concern to students of produc-
tivity and growth. One of these involves changes in pro-
ductivity over time, the other involves differencesin pro-
ductivity levelsamong enterprises, industries, and countries
at a given time. Within these frameworks are countless
problems and subproblems, each of which may lead to a
somewhat different selection and emphasis of variables.

Explanations of long-term productivity changes in a
country, region, or industry usually stress technological
change and, as an adjunct, changes in the quality and
quantity of capital. Other variables, though not ignored,
are regarded asplaying a passive role and are thusgiven a
subordinate position. The justification for this is that
change in technological knowledge and the capital em-
bodying it is not only essential to substantial gains in
productivity but isthefactor most immediately associated
with those gains. It ordinarily is perceived as the leading
and moving force in the process. When technological
change occurs, the quaiiry of capital improves and the
amount available to aid each worker usually increases.
The kinds of raw materials used may change, with better
grades being required or the use of lower grades becom-
ing possible. Changes occur in the way productivefactors
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are organized and production is carried on. Although in
some periods and in some circumstances work may have
become harder and more tedious following technol ogical
advance and although the transition from land to factory
has often entailed special hardships, the dominant trend
has been toward shorter hours and a diminution of the
arduousness of |abour,

Emphasis on technological change and capital accumu-
lation as primary forces arises also from a recognition
that they are essential and unique to large and systematic
advances in productivity. Those gains that can be ob-
tained solely through a reorganization of work or the use
of better raw materials or the breakdown of restraining
attitudes or practices may occasionally be dramatic, but
they are always limited. By contrast, very substantial
gains can follow in the wake of growing technological
knowledge and increasing suppliesof capital. If allowance
is made simply for adaptive changes in other factors, the
prospects for advance become almost unlimited. Only
these two factors can fairly be singled out as constituting
the enginesof productivity growth.

It has been noted that both the quantity of capital and its
quality change as productivity increases, and it is not
possible adequately to separate the two in terms of their
effects. Increases in capital per worker through the accu-
mulation of more and more of the same kinds of equip-
ment and tools would not lead continuously to propor-
tionate or more than proportionate increases in output per
worker. They would, after a point, lead to diminishing
increases and eventually even to a decline in output per
worker. The onset of a decline would be far distantin an
industry or economy possessed of a high level of technical
knowledge but starting near the bottom of the accumula-
tion ladder and affected by an acute scarcity of capital
instruments. But an ultimate declinewould be expected.

Qualitative changes in capital, reflecting advances in
knowledge and skill and leading to the design and con-
struction of improved capital instruments, offer an escape
from this principle. If capital can be steadily improved over
time, its expansion need not entail diminishing returns. I n
countries for which data from broad sectors and many in-
dividual industries are available, there is a rough correla-
tion between growth in the quantity of capital per worker
and increases in labour productivity.

HISTORICAL TRENDS

Man's use of capital as an aid in production is, strictly
speaking, asold as his use of primitive tools of wood and
stone. But the introductionof power-driven machinery, its
systematic improvement, and its progressive substitution
for labour are aset of much more recent phenomena.

Growth of industry. The influences of technological
change and industrial development have touched vir-
tually all regions of the world, though in different ways
in widely differing degrees. Some areas were involved
only through trade, receiving manufactured goodsin ex-
change for raw-material exports. Others developed in-
dustry to a limited extent that served principally as an
adjunct to foreign trade and did not penetrate deeply into
the domestic economy. Still other countries, like Great
Britain and the United States, were fundamentally af-
fected as their economies underwent progressive advance
and transformation. At the close of the 19th century,
France, Italy, Germany, Russia, Japan and Canada,
among others, also possessed substantial manufacturing
capability. The transition was most evident in western
and northern Europe and in North America and least
evident in the Middle East, Africa, Asia, and South
America.

The countries that stood in the industrial forefront by
the first decade of the 20th century remained there up to
World War II, though their relative positions shifted.
Most conspicuous was the forward surge of the Soviet
Union, following the inauguration of the five-year plans
in 1928. After World War 1T large strides were made by
other countries, particularly those of eastern and southern
Europe. Chinaand India also moved ahead, asdid several
South American countries. Japan's advance in the dec-
ades since 1950 has been outstanding.
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The capital accumulation— are summarized in Table 1 for the
changes United States, Great Britain, Germany, and Japan. Be-
that cause of the difficultiesinhering in productivity measure-
accompany ment, the figures are only rough approximations. None-
increasing theless, they suffice to distinguish the rates of change
produc- among the four countries. It should be noted that in 1890
tivity each of the countries occupied a different rung on the

The consequences for labour productivity of the changes
under discussion— industrialization, mechanization, and

ladder of industrial development. By certain yardsticks,
Britain was already a mature country; the United States
and Germany were less advanced, while Japan stood in a
comparatively early stage of industrialization. Equally
important, each country was differently endowed in
terms of skills and resources, possessed different social
and economic institutions, and was differently situated
geographically. As a result, the potentials for further

growth differed among the four countries.

Table 1: Long-Term Trendsin National Output per Worker
(index numbers, 1890= 100)

year country
United Great Germany* Japan
States  Britain
1890 100 100 100 100
1900 122 107 100 144
1910 138 110 107 166
1920 142 100 — 228
1929 172 116 920 366
1938 182 132 127 547
1948 223 132 — 314
1960 295 161 166 747

*For 1948 and later, German Federal Republic (West Germany) only.

Sources: Figures adapted and assembled by the author from data in numerous

sources, including the following: Solomon Fabricant, Basic Facts on

Productivity Change, National Bureau of Economic Research, Occasional Paper
63, Table A (1959); Joint Economic Committee, 85th Congress, 1st session,
Productivity, Prices, and Incomes, Tables 1 and 2; Colin Clark, The Conditions
of Economic Progress, 3rd ed., ch. 3 (1957); Kazushi Ohkawa, The Growth

Rate of the Japanese Economy Since 1878, Appendix Table 6 (1957);
M. Frankel, " Some Implications of International Postwar Productivity

Trends," The 1958 Proceedings of the Business and Economic Statistics Section

of the American Statistical Association, Table 2 (1959).

The figures show great unevennessin the rate of gain for
each country from period to period; differences among
the countries are marked, both for individual subperiods
and for the entire 70-year span. These differences reflect
the variety of forces that contribute to productivity
change, their varying importance at different timesand in
different places, and the complex ways in which they
interact. Britain experienced no perceptible gain from
1890 to 1920 but moved ahead significantly during the
next 18 years. The United States gained during the
1938-60 interval at a rate much above those that had
prevailed during the preceding 50 years. Japan's rate dur-
ing the 18 years following 1920 was about 80 percent
higher than its rate for the preceding 30 years. The very
high rate in Japan between 1948 and 1960 was the result
of recovery and restoration following World War 1I. A
similar phenomenon is observable in a number of other
countries, including Germany, though thefiguresin Table
1 do not show it. Britain and Germany are noteworthy for
their low average rates over the long term. Japan, in
contrast, is unique for the high average rate attained over

avery long period.
Changes in labour input.

eral, be much higher.

A reduction in hoursworked issimply oneof the waysin
which a people may benefit from productivity increases.
Such reductions as have taken place probably have not

Anindex of output per work-
er, like any other single productivity index, provides
only limited information on the process of productivity
change. Long-term increases in labour productivity have
usually been accompanied by reductions in the number
of hoursworked per day and per week. I n Britain or the
United States, for example, a 60-hour week was not
uncommon in 1850, but a century later 40 hours was a
familiar figure. Hence, if the data in Table 1 were put
on aman-hour basis, the rates of increase would, in gen-

entailed proportionate sacrifices in the quantities of goods
and services that, with constant hours, might otherwise
have been obtained. For when hours of work are very
long, worker efficiency tends to be low, and within limits,
as hours are reduced efficiency rises. There is substantial
evidence that the decline of the working day from very
high levels has brought compensatory gainsof thiskind.

Systematic long-term increases in labour productivity
have also been accompanied by changes in the quality of
labour and in the quality and quantity of other inputs.
Generalizations about these other changes are, however,
difficult to make. In many fields of production and for
many classes of work, the introduction of machines has
entailed a downgrading of skills. The loss of many tradi-
tional handicraft skillsduring the early stages of mechani-
zation isacasein point. Thistype of loss has been repeti-
tive throughout the history of mechanization. A machine
replaces one class of skills and at the same time generates
requirementsfor other skills, usually of alower order.

But the sequence is by no means one-directional. Ma-
chines are complex, and over the decades their complexity
has increased. This growing complexity has created a
need for skills of a high order for machine development
and for the installation, servicing, and operation of ma-
chines. Organizational requirements for the effective use
of machines have also become more complex, thereby
increasing the need for a large array of highly trained
specialists. Asaresult, the downgrading and displacement
of some skillshave been accompanied by the upgrading of
others and the emergence of new ones. There is little
doubt that the latter tendency has predominated over the
long term. The general educational and technical quali-
fications of an industrial, highly productive labour force
are very much higher than those of a low productivity
labour force engaged largely in agricultural and handi-
craft pursuits.

Land and capital. Changes in the productivity of
other factors have accompanied the increases in labour
productivity. Unfortunately the record as to the nature
o these changes is far less comprehensive and in some
respects less clear than in the case of labour produc-
tivity. By introducing constant improvements in farming
methods, farm machinery, and fertilizers, technology led
to large increases in the productivity of land as measured
by the output of foods and fibres per acre. But it should be
noted that, unlike output per worker, output per acre does
not correlate well with living standards because of the
varying intensity with which cultivation is carried on in
individual countries. This circumstance accounts, for ex-
ample, for the fact that output per acre for a particular
commodity may sometimes be higher in a poor country
than in a rich one. Technology has also made it possible
to economize in the use of some raw materials in produc-
tion and thus raise output per unit of raw material con-
sumed. But in practice, higher productivity, while possi-
ble, may not result, since with a cheapening of thisfactor
it often proves economical to use it more liberally than
before. Sometimes, also, more mechanized methods of
production are inherently more wasteful of raw materials
than less mechanized ones.

In some countries, at least for some periods, the produc-
tivity of capital has risen. In the United States, from 1900
to 1960, output per unit of tangible capital increased
about 80 percent, or at an average annual rate of just over
1 percent, with the bulk of the increase occurring after
1929. On the other hand, it had barely changed between
1890 and 1920. As between the two factors, labour and
capital, it is clear that over the long term the major sav-
ings have been in labour. Both theoretical considerations
and statistical data suggest that continued technological
change will bring further large gainsin labour productivi-
ty, but the probable trend with respect to capital isuncer-
tain.

From the standpoint of the individual enterprise, any
reduction per unit ininputs of labour and capital isimpor-
tant. The economic benefit isthe same whether a given net
reduction in cost results from the saving of labour or of
capital or of raw material. But from a worldwide or econ-
omy-wide point of view, labour savings occupy a unique
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place because labour, interpreted in the broadest sense, is
not only an input in the productivity process but also
represents the goal of that process. Ultimately, goods and
services are consumed by people. An increase in output
per worker or per capita signals the availability or poten-
tial availability of increased quantities o goods and ser-
vices for each individual. An increasein output per unit of
capital or raw material does not necessarily carry this
connotation. If the objectiveisto attain ever-rising living
standards, then it islabour productivity that, over thelong
term, must be increased.

THE COMPARISON OF PRODUCTIVITY TRENDS

Trends in overall productivity are composites o trends
in the several sectors and subsectors of the economy and,
in the last analysis, of trends in individual industries and
enterprises. At these subordinate levels trends often
differ widely, both from one another and from the broad-
er economy-wide averages.

Farm and nonfarm. Some o this diversity may be
seen by comparing the trend in output per man-hour in
the total United States private economy with similar
trends in farm and nonfarm subsectors. For the entire
period from 1909 to 1956 production per man-hour in
both subsectors moved ahead by about the same amount
and roughly in line with the overall movement. Between
1909 and 1929, however, the increase in the farm sector
was far below that in the nonfarm sector, while for the
period from 1938 to 1948 the reverse was true. The peri-
ods of 1929 to 1938 and 1948 to 1956 show a higher
trend in the farm sector than in the nonfarm sector.

The figures serve to qualify the popular impression that
agriculture is a persistent laggard in the technological
march. In the United States, during the 19th and early
20th centuries, the nonfarm sectors— including mining,
manufacturing, communications, and utilities—were in
the vanguard. But in later decades, productivity in agricul-
ture rose. Thefarm surpluses of the 1950s and 1960swere
the result.

These productivity movements do not exhibit a close
relation to movements in output. For all periods, in-
creases in farm output, though relatively low, averaged
close to 1 percent per year. At the same time productivity
increases varied widely, ranging from under .5 percent to
over 3 percent. For the nonfarm sector an annual 2 per-
cent productivity increase was registered between 1929
and 1938, a period when output declined by 1 percent a
year. By contrast, much the same productivity increase
occurred from 1938 to 1948 when output advanced at
6 percent per year. This outcome is perhaps not surpris-
ing in view o the fact that the sources of output and
productivity increases are not identical. Productivity in-
creases will result in output increases provided that the
quantity of inputs does not decline. But output increases
may also result independently of productivity increases,
from an expansion of inputs or from an increase in the
intensity with which resources are used.

To gauge the contribution of any sector to the produc-
tion total it is necessary to consider the size of the sector
and its productivity level. Because agriculture in the Unit-
ed States contributes less than 5 percent of the national
product and employs less than 9 percent of the labour
force, even a large change in output per worker would
have but a nominal effect on the total. The outcome may
be very different if the sector islarge and if its productivi-
ty level, measured by value of output per worker, is high
relative to other sectors. I n that case and depending on the
method of measurement, a redistribution of labour in
favour of the high productivity sector can produce large
productivity changesin the total, even though sector pro-
ductivity changes little. This source of productivity gain,
while important for al dynamic economies, is especialy
sofor onethat isin the early stagesof industriaization. In
such economies, low-productivity agricultural pursuits ab-
sorb the bulk of the labour force, and hence the potential
gainfrom their transfer to more productive occupations is
very large.

Amongcountries. Changesin productivity and changes
in total output do not alwaysmove in pace. When they do,
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it means that the gains in output have come exclusively
from increased productivity and not from changesin the
working force. (Strictly speaking, thisis true only if the
productivity figures relate to output per man-hour; if they
represent output per man-year, for example, they may
reflect an increase in the working force.) By contrast, an
increase in output accompanied by no change in produc-
tivity would indicate that the advance was attributable
solely to the use of greater manpower or other resources.
The datafor the yearsfollowing World War II show that
both rising productivity and greater manpower contribut-
ed to the advances in output in all countries but that the
influence of the former was generally greater. | n Japan,
Italy, France, and Austria, for example, productivity was
more important, while in Poland, West Germany, the
Soviet Union, and Canada manpower increases played a
larger role.

It is ordinarily preferable that increases in output be
obtained through productivity growth rather than through
alarger labour force, for thisimplies not only more prod-
uct but also more leisure, or at least a potential for more
leisure. A tacit assumption hereis that the leisureis volun-
tary. If it isnor, then the problem of unemployment must
be reckoned in the balance. Italy is a case in point. Be-
tween 1948 and 1957 industrial productivity in Italy rose
at a rapid rate and accounted for aimost the whole in-
crease in output, but industrial employment expanded
only slightly and did not relieve serious unemployment.

If average rates of growth over a long period, say
1938-60 for example, are examined, it isfound that the
figures differ considerably from those for the shorter
postwar intervals. Indeed, oneis left by the long-term data
with a quite conservative impression of the progress made
by some countries, both separately and as a group.

The contrast between growth rates over the long term
and the short term reflects the impact of war and the
efforts to recover from it. Japan and Austria are excel-
lent illustrations. The high rates of increase in productivi-
ty realized by Japan and Austriain the postwar period did
little more, by 1960, than restore those economies to their
prewar levels. Much the same could be said of West
Germany and of Britain, though in the latter case the gap
between long-term and short-term growth rates is more
modest. Other west European countries— France and
Italy, for example—had by 1960 surpassed their 1938
levels by more substantial margins, though these econo-
mies also were obliged to devote a major fraction of their
energies to overcoming wartime arrears. Thisalso applies
to the east European countries, the Soviet Union, Poland,
and Czechoslovakia. The U.S. registered an average ad-
vance in excessof 2 percent from 1938to 1960. A notable
feature of the U.S. trend, in contrast with trendsfor most
other countries, was its stability. Gains in the 1948—-60
period were appreciably greater than those for the longer
interval, but, comparatively speaking, the gap was small.
The comparative closeness of long-term and short-term
ratesfor the U.S. reflectsits good fortune in escaping the
physical destruction and economic disorganization of war
suffered by other countries.

NATIONAL LEVELS oF PRODUCTIVITY

I't is sometimes useful to compare the levels of productivi-
ty of different countries at the same period of time. Table
2 makes such a comparison, based on estimates of output
per worker and per capita for 16 countries. The fact that
some of thefiguresarefor 1950 rather than a more recent
year is of minor importance because overall data of the
kind given tend to change only slowly. Neglecting small
intercountry differences, the basic impressions conveyed
by the table were doubtless still valid in the early 1960s.
Y etit must be stressed that thefigures areto betreated as
only rough approximations.

The general level of productivity in the United States is
by a wide margin the highest of those shown, and a more
comprehensive listing of countries would not alter its posi-
tion. New Zealand and Canada are not far behind the
United States, but the gap between them and the others is
fairly wide. Australia, Sweden, and Denmark bracket the
high side of what might be called a middle productivity
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Table 2: Comparison of Levesof Output, About 1960+

(in both columns the figure 100 represents U.S. output)
country real output real output
per worker per capita
Argentina 35t 27
Australia 621 72
Brazil 211 20
Canada 921 74
Chile 29t 24
Denmark 62 62
France 52 52
Germany, West 46 51
Great Britain 50 58
Ireland 36 39
Ttaly 37 29
Japan 31 27
New Zealand 88% 90+
Soviet Union 25¢ 25%
Sweden 57t 65
United States 100 100

Output,

* A country's output per capita, relative to that in the U.S,, exceeds its
output per worker, relative to that in the U.S,, if the fraction of its
population in the employed labour force is greater than the corresponding
fractionin the U.S.
Sources: Data developed from Colin Clark, The Conditions of Economic
Progress, 3rd ed. (1957); Statistical Yearbook (United Nations); Yearbook
of Labour Statistics, International Labour Organization; Economic Survey
of Denmark, Secretariat of the Government of Denmark; Survey of Current
Business, United States Department of Commerce; United States Iicome and

1 About 1950 rather than 1960.

United States Department of Commerce.

range, while Britain, France, and—with allowance for
incomplete postwar recovery —West Germany fall on the
lower half of this range. The remaining countries, with
productivity levels of between one-third and one-fifth that
in the U.S,, are located still lower on the scale. A large
group of excluded countries, belonging in the underdevel-
oped class, would occupy still lower positions. This group
would embrace the bulk of the peoplesin Africa, Asia, the
Middle East, and South America. It is well to keep in
mind that these people comprise a majority of the world's
total population and, accordingly, that the average pro-
ductivity level for the world as a whole is, by Western
standards, very low.

Differences among countries in the relation between the
output per worker and output per capitafigures are attrib-
utable to differences among countries in the percentage
of thetotal population at work. If the proportion of those
seeking and finding gainful employment was the samein
all countries, the relation between each pair of figuresin
Table 2 would be the same. One might expect that with
higher output and income levels there would be a tenden-
cy for the percentage of the population seeking work to
decline. Entrance into the labour force would be delayed
by longer schooling, and fewer family members would be
obliged to work in order 1o maintain any given income
level. Table 2 suggests a relationship of this sort, thoughiit
is not a strong one. It may be that the tendency in this
direction is stronger than appears but that it is offset by
the more abundant and attractive occupational opportuni-
ties existing in countries with high incomes. In any case,
the differences that exist between the two series are not
large and do not alter the overall intercountry pattern.
The close correspondence between them affirms the over-
riding importance of productivity levelsfor living standards.

The reasons for differences. At least two broad ap-
proaches can be taken in seeking to explain such produc-
tivity differences as are found in Table 2. One of these
may be termed cross-sectional. It seeks to identify the
chief factors associated with the observed differences and
to ascertain their relative importance. Measurement and
analysis of the degree of association between intercoun-
try differences in output per worker and corresponding
differences in, say, size of plant is an example of this
approach. It does not of itself tell the direction of cause
and effect between two variables nor even that a causa
relationship is present. Neither doesit say anything about
the time trend of the relationship— whether it has always
existed, whether its form has changed over the years, or
why it may have changed. Nonetheless, the approach is
helpful in suggesting which factors may contribute sig-
nificantly to productivity differences.

The other approach might be called developmental,
sinceit involves an assessment of the process of economic
change asit affects productivity levels. It goes beyond the
cross-sectional approach in that it endeavours to explain
how certain causal factors cameto be important and how
they have interacted with other factors to cause shifts in
labour productivity over time. Necessarily in this ap-
proach there arises a question as to where and how to
apportion responsibility for change. The answers supplied
by economists have varied. The English economist T.R.
Malthus (1803) selected population growth as his key
variable. The Austrian J.A. Schumpeter (1912) empha-
sized the role of entrepreneurship in a country's develop-
ment. In much contemporary literature, whether con-
cerned with industrialized or underdeveloped countries,
the process of capital accumulation is regarded as of over-
riding importance. Despite their differences, all of these
treatments may be characterized as developmental since
they give attention to the movement and influence of par-
ticular factorsover time.

The two approaches are complementary. While useful
hypotheses might be built wholly from one or the other,
the value of each is enhanced by their joint use. The
cross-sectional approach, in identifying factors of proba-
ble significance, facilitates the application of the develop-
mental or historical approach. At the sametime, the latter
helps to amplify the meaning and significance of the fac-
tors found to be associated with productivity differences.

Needless to say, each country's current circumstances
and development, as these bear on productivity levels,
possess unique characteristics. For this reason no single,
simple hypothesis, whether rooted in one approach or in a
combination of approaches, is likely to go very far in
accounting for the wide range of differencesin Table 2.
One probably valid generalization does however seem
worth making. Differences in growth rates are essential
to an understanding of most large productivity differences
among countries. Almost without exception, the countries
with high productivity are those that have succeeded in
mastering improved technology; with the aid of capital
accumulation they have diffused this mastery through the
several sectors of the economy and have continuoudly im-
proved it. Only by continued productivity advances over a
fairly long period isit possiblefor a country to achieve such
levels as prevail among the high-income countries.

PROBLEMS OF PRODUCTIVITY MEASUREMENT

Many difficulties, both theoretical and practical, attend
the development of productivity statistics.

Heterogeneity. A wide variety of inputs and outputs
go to make up the productivity ratio. Ordinarily such
ratios are computed not for a single, homogeneous type
of output but for product categories that embrace a host
of subproducts. Thus the output of the steel industry
consists of sheets, wire, rods, structural shapes of various
kinds, and a great many other items. Computation of
satisfactory productivity data for an industry usually re-
quires, therefore, that account be taken of the diversity
of output and its changing composition. This can and
often is done by weighing the subproducts in accord
with their relative values and then adding them together.
Unfortunately, however, relative values change over
time, raising the question of what weights to use. Should
they be initial year weights or terminal year weights or
some combination of the two? The question is not aca
demic, since different weights sometimes produce sig-
nificantly different amounts of change between the initial
and the terminal years. A parallel problem arises on the
input side. Strictly speaking, the labour force is not
homogeneous. It is made up of a range of skills and
specialties that embody varying amounts of education and
training, and it is reasonable to suppose that their contri-
butions to the production process vary accordingly.

Incommensurability. Labour inputs are relatively easy
to measure, particularly if oneiscontent simply to count
heads. But if one wishes to take account of differences in
the quality and intensity of labour inputs, the question
o measurement immediately arises. At what rate should
one type of labour be converted into another? Wage rates
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often are used for the purpose, not because of a belief
that they are correct but because they are the most read-
ily available yardstick.

Measurement problems are equally difficult in connec-
tion with capital inputs. Plant and equipment lose their
value gradually over time, and in any one year contribute
but a part of this value in production. Thereis no univer-
saly acceptable procedure for measuring this contribu-
tion. There exist a few recognized accounting practices,
but no one of them is recognized as superior to the others.
It probably is true that no one procedure is best in all
situations but that each has unique advantagesfor certain
applications. Measurement is further complicated by the
diverse composition of capital that rules out the sort of
headcounting that can be done with labour inputs.

Moreover, the composition of capital changes over time
with the result that the kinds of machines and facilities
used in one year may differ markedly from those em-
ployed a generation earlier. Any one of these circum-
stances would alone suffice to make measurement difficult.

For somefactors of production, such as organization or
managerial ability, there seems to be no acceptable
method of measurement. The quality and very likely the
quantity of each has changed greatly over the years, and
their importance relative to other inputs has changed. But
no reasonably rigorous means for evaluating these
changesisavailable.

On the output side, measurement difficulties are espe-
cially apparent with regard to services. In contrast to
commodity outputs, which are tangible and divisibleinto
identifiable units, some service outputs are very difficult
to define and measure satisfactorily. In concrete terms,
what is the output of an enterprise engaged in business
consulting? Of an organization dispensing banking ser-
vices? Of a government agency exercising regulatory func-
tions? More is involved here than the fact that each of
these activities embraces a mixture of distinguishable
services. The main trouble is the lack of any acceptable
standard by which to measure such outputs.

This problem is not unique to service outputs, but it
showsitself most clearly in that sphere. Lacking asuitable
direct measure of service outputs the student will often
use inputs (numbers of workers) as a substitute measure,
the assumption being that inputs and outputs are equal or
will move together over time. Whatever its merits for
gauging output, this method is unsuited to measuring
productivity. For the validity of a measure of productivity
depends on a clear separation of outputs from inputs.
Considering the nature of the problems, it is not surpris-
ing that the bulk of available productivity information
relates to commodity production.

Lack of information. Censuses of production and
population, national income statistics and their compo-
nents; series regularly published on industrial and farm
output, on wages, hours, and the labour force; and data
provided by regulatory and other government agencies
are among the basic source materials. The scope and
quality of these materials vary widely among countries
and tend to be more comprehensive and reliable in the
more advanced, industrialized countries. With few excep-
tions, unfortunately, such data are not collected for the
purpose of providing information on productivity. Special
studies often must be undertaken either to supplement
what information is available or, for certain input-output
areas, to obtain any data at all. Even where information
for recent periodsof timeisextensive the researcher may
find it difficult to prepare productivity tables that extend
back very many years, and for no country can knowledge
of productivity trends in the 19th century be described as
better than meagre. The situation for many underdevel-
oped countriesiseven less satisfactory.

A miscellany of other difficulties affect productivity
measurement. One is the problem of choosing a time
period over which to measure changes in productivity.
Another involves the inputs of the productivity ratio. If
the input is labour, should it cover all employees or only
production workers? Should it be on a man-hour or a
man-year basis? Yet another problem is the content of the
output category and the breadth or narrowness with
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which it is defined. Decisions on these problems, which
are both theoretically sound and practical, are often very
hard to reach.
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and its measurement include: soLoMON FABRICANT, Basic
Facts on Productivity Change (1959); JEAN FOURASTIE, La
Producfivith, 5th ed. (1962); ceruarT E. REUSS, Produktivi-
tatsanalyse: Gkonomische Grundlagen und statistische Aezh-
odik (1960); UNITED sTATEs BUREAU OF LABOR STATISTICS
Productivity: 4 Bibliography (1966); and the uNITED STATES
CONGRESS, JOINT ECONOMIC COMMITTEE, Productivity, Prices,
and Incomes (1967). Some of the earliest work in the mea-
surement o productivity was done in the United States. A
pioneering study was sOLOMON FABRICANT, Employment in
Manufacturing, 1899-1939: An Analysis of |ts Relation to the
Volzime of Production (1942). Other studies using U.S. data
are EDWARD F. DENISON, The Sources of Economic Growth in
the United States and the Alternatives Before Us (1962);
and JoHN W. KENDRICK, Productivity Trends in the United
States (1961). For productivity trends in various countries,
see ABRAM BERGSON and siMoN KuzneTs (eds.), Economic
Trends in the Soviet Uniorn (1963); coLiN cLARK, The Con-
ditions of Economic Progress, 3rd ed. (1957); EvsEy D. po-
MAR et al.," Economic Growth and Productivity in the United
States, Canada, United Kingdom, Germany and Japan in the
Post-War Period,”” Review of Economics and Statistics,
46:33-40 (1964); ANGUS MADDISON, Economic Growth in the
West: Comparative Experience in Europe and North America
(1964). The relation o productivity to technology is exam-
ined in W.E.G. SALTER, Productivity and Technical Change,
2nd ed. (1969).

(Ma.F.)

Prokofiev, Sergey

The range and imagination of the huge musical legacy of
the Russian composer Sergey Prokofiev make clear his
central rolein enriching the structure and the expressive-
ness of Western music in the first half of the 20th century.
His more than 135 works include works of almost every
musical genre, from children's songs to oratorios, with
contributions that were especialy important in the de-
velopment of opera and ballet, in which he was an auda-
cious reformer, and nearly as important in symphonic
and piano music. These works reflect not only the distinct
musical traditions of the 19th-century Russian masters
and of the innovators of 20th-century music but also the
social upheavals of a half-century that embraced cata-
clysmic revolutions and twoworld wars.

Sovfoto

Prokofiev.

Pre-Revolutionary period. Sergey Sergeyevich Proko-
fiev (Prokofjev in the transliteration system of the Akade-
miya Nauk of the Soviet Union) was born on April
23, 1891, in the village of Sontsovka in Ekaterinoslav
province (now Donets region) into a family of agricul-
turalists. Village life, with its peasant songs, left a per-
manent imprint on him. His mother, a good pianist, be-
came the highly gifted child's first mentor in music; and
at the age of five he composed his first little piece for
piano, "Indian Gallop,” which was carefully written
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down by his mother. Later, there appeared a whole
series of “little pieces"” for piano and the first naive
attempts at composing an opera, under the influence
of those he had seen on a trip to Moscow. A high
evaluation was put upon the boy's talent by a Moscow
composer and teacher, Sergey Taneyev, on whose recom-
mendation the Russian composer Reinhold Glier twice
went to Sontsovka in the summer months to become
young Sergey's first teacher in theory and composi-
tion and to prepare him for entrance into the conservato-
ry at St. Petersburg (later Petrograd, now Leningrad),
Russias foremost conservatory. The years Prokofiev
spent there— 1904 to 1914—were a period of swift crea
tive growth. His teachers, who were struck by the origi-
nality of his musical thinking, included such composers
as Nikolay Rimski-Korsakov, Anatoly Lyadov, and Niko-
lay Tcherepnin. When he graduated in 1914 he was
awarded the Anton Rubinstein Prize in piano for a
brilliant performance of his own first large-scale work—-
the Piano Concerto No. | in D Flat Major, Opus 10.

The conservatory gave Prokofiev a firm foundation in
the academic fundamentals of music, but he avidly
sought musical novelty, studying the works of such inno-
vative confemporaries as the French composers Claude
Debussy and Maurice Ravel, the Germans Richard
Strauss and Max Reger, and a fellow Russian, Aleksandr
Scriabin. His enthusiasms were supported by progressive
circles advocating musical renewal. Prokofiev's first pub-
lic appearance as a pianist took place before such a group
in St. Petersburg in 1908. A little later he met with friend-
ly sympathy in a similar circle in Moscow, which helped
him make his first appearances as a composer, at the
Moscow summer symphony seasons of 1911 and 1912.
The Moscow journal Muzyka expressed immediate en-
thusiasm for his work.

Prokofiev's talent developed rapidly as he applied many
new musical ideas. Unlike others who were similarly dis-
enchanted with late Romanticism and Russian academi-
cism, he did not become afollower of either the ecstatic
symbolism of Scriabin or the Impressionism of Debussy.
Instead, he studied the compositions of Igor Stravinsky,
particularly the early ballets, but maintained a critica
attitude toward his countryman's brilliant innovations.

Contacts with the then new currents in theatre, poetry,
and painting also played an important role in Prokofiev's
development. He was attracted by the work of modernist
Russian poets; by the painting of the Russian followers of
Cézanne and Picasso; and by the theatrical ideas of Vse-
volod Meyerhold, whose experimental productions were
directed against an obsolescent naturalism. In 1914 Pro-
kofiev became acquainted with the great ballet impres-
sario Sergey Diaghilev, who commissioned a ballet from
him and became one of his most influential advisors for
the next decade and a half.

After the death of his father in 1910, Prokofiev lived
under more straitened material conditions, though his
mother provided for his continuing studies. On the eve of
World War 1, he visited London and Paris to acquaint
himself with the newest in art. The tense pre-storm at-
mosphere that pervaded Russia sharpened in him afeel-
ing of skepticism, of disbelief in romantic ideals, but
did not shake his essentially healthy outlook on life.
Exempt from war mobilization as the only son o a
widow, Prokofiev continued to perfect his musicianship
on the organ and appeared in concerts in the capital and
elsewhere. Hisyouthful and mischievous music disturbed
academicians and aesthetes but won the support of his
most perspicacious contemporaries, including the authors
Maksim Gorky and Vladimir Mayakovsky. Concert
agencies began to organize his sensational composer's re-
citals. The pre-Revolutionary period of Prokofiev's
work was marked by intense exploration. The harmonic
thought and design of his work grew more and more
complicated. Prokofiev wrote the ballet Ala and Lolli
(1914), on themes of ancient Slav mythology, for Dia-
ghilev, who rejected it. Thereupon, Prokofiev reworked
the music into the Scytlzian Suite, Opus 20, for orchestra.
Its premiere in 1916 caused a scandal but was the cul-
mination of his career in Petrograd. The ballet ZT#e Tale

of the Buffoon Who Outjested Seven Buffoons (1915;
The Buffoon, 1915), also commissioned by Diaghilev,
was based on a folktale; it served as a stimulus for
Prokofiev's searching experimentsin the renewal of Rus-
sian music. Despite Diaghilev's assertion of the priority
of ballet over opera, which he considered a dying genre,
Prokofiev was active in the field of opera. Following the
immature Maddalena, which he wrote in 1911-13, he
composed in 1915-16 The Gambler, a brilliant and
dynamic adaptation of the story by Dostoyevsky. Con-
tinuing the operatic tradition of Mussorgsky, Prokofiev
skillfully combined subtle lyricism, satiric malice, nar-
rative precision, and dramatic impact. During this pe-
riod, Prokofiev achieved great recognition for his first
two piano concertos— the first the one-movement Con-
certo in D Flat Major (1911), and the second the dra-
matic four-movement Concerto in G Minor (1913).

The year 1917 —the year of two Russian revolutions
—was astonishingly productive for Prokofiev. When the
Tsar was overthrown in February 1917 he was in the
streets of Petrograd, expressing the joy of victory.
Perhaps as if inspired by feelings of socia renewal,
he wrote within one year an immense quantity of new
music: two sonatas, the Violin Concerto No. | in D Ma-
jor, the Classical Symphony, and the choral work Seven,
They are Seven; he began the magnificent Piano Concer-
to No. 3 in C Major, Opus 26, and planned a new opera
—The Love for Three Oranges, after a comedy tale by
the Italian dramatist Carlo Gozzi. In the summer of 1917
Prokofiev was included in the Council of Workersin the
Arts, which led Russias left wing of artistic activity; but
for amost nine months he was stranded in the Caucasus,
cut off from Petrograd by the civil war. Only in the spring
of 1918 did he succeed in returning there. In the difficult
circumstances of these years, however, he concluded that
music had no place and decided to leave Russia tem-
porarily to undertake a concert tour abroad. Prokofiev
travelled, with officia sanction, over the difficult route
through Siberia, where civil strife was raging.

Foreign period. The next decade and a half are com-
monly called the "foreign period" of Prokofiev's work.
For a number of reasons, chiefly the continued blockade
of the Soviet Union, he could not return at once to his
homeland. Nevertheless, he did not lose touch with
Russia.

The first five years of Prokofiev's life abroad are usually
characterized as the "years of wandering." On the way
from Viadivostok to San Francisco, in the summer of
1918, he gave several concerts in Tokyo and Y okohama.
In New York City the sensational piano recitals of the
"Bolshevik Pianist" evoked both delight and denuncia-
tion. The composer had entrée to the Chicago Opera
Association, where he was given a commission for a com-
ic opera. The conductor and the producer of the opera,
both Italian, gladly backed the idea of an opera on the
Gozzi plot. Accordingly, The Love for Three Oranges
was completed in 1919, though it was not produced until
1921. Within a few years the opera was also produced
with immense successon the stages of the U.S.S.R. aswell
asin western Europe.

In America, Prokofiev met a young singer of Spanish
extraction, Lina Llubera, who eventually became his first
wife and the mother of two of his sons, Svyatoslav and
Oleg.

Not meeting with continuing support in the United
States, the composer set out in the spring of 1920 for
Paris for meetings with Diaghilev and the conductor
Serge Koussevitzky. They soon secured for him wide rec-
ognition in the most important west European musical
centres. The production of The Buffoor by Diaghilev's
ballet troupe in Paris and London in 1921 and the Paris
premiere of the Scythian Suite in 1921 and that of Seven,
They Are Seven in 1924 evoked enormous interest, con-
solidating his reputation as a brilliant innovator. The
successful performance of the Third Piano Concerto
(1921), completed in France, also marked one of the
peaks of Prokofiev's dynamic national style.

Prokofiev spent more than a year and a half in 1922~
23 in southern Germany, in the town of Ettal in 'the
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Bavarian Alps. Resting after fatiguing premieres and re-
viewing the course of his creative path, he also prepared
many of his compositions for the printer. The attention
of the composer at this period turned to the basic concep-
tion of the opera The Flaming Angel, after a story by the
contemporary Russian author Valery Bryusov, depicting
the savage "witch trias" of 16th-century Germany. In
complete contrast to the witty eccentricity of the Gozzi
story, he now selected a story of great human passions
expressed in readlistic drama. The opera, which required
many years of work (1919-27), did not find a producer
within Prokofiev's lifetime.

Meanwhile, Prokofiev, finding himself not interested in
the musical activity in Germany, settled in Parisin the
autumn of 1923. There he was in close touch with pro-
gressive French musical figures, such as the composers
Francis Poulenc and Arthur Honegger, while continuing
his own intensive creative activity. Vexed by criticisms of
his melodicaly lucid First Violin Concerto, which had
its premiere in Paris in 1923, he addressed himself to
a search for more avant-garde style. These tendencies
appeared in such compositions of the early 1920s as the
epic Symphony No. 2 in D Minor, Opus 40, commis-
sioned by Koussevitzky. Its intense dramatic quality
and its striking sense of proportion are aso found in the
Symphony No. 3in C Minor (1928), based on thematic
material from the opera The Flaming Angel, reworked
by the composer. In close collaboration with Diaghilev,
Prokofiev created new one-act ballets, Le Pas dacier
(performed in 1927) and The Prodigal Son (performed
in 1929). Le Pasd'acier had a sensational successin Paris
and London, thanks to its origina staging and bold evo-
cation of images of Soviet Russia at the beginning o the
1920s—with its economic dislocation and the beginnings
of industrialization. The Prodigal Son had a lofty biblical
theme and music that was exquisitely lyrical. It reflects a
striving toward emotional relaxation and toward clarifi-
cation of style that are also seen in the Sring Quartet
No. | in B Minor, Opus 50, in the Sonata for Two Violins
in C Major, Opus 56 (1932), and in the ballet On the
Dnieper.

In 1927 Prokofiev toured the U.S.S.R. and was raptur-
ously received by the Soviet public as a world-renowned
Russian musician-revolutionary. Whilethere, he strength-
ened his old associations with the innovative theatrical
producer Vsevolod Meyerhold, who helped him in a
basic revision of the opera The Gambler, produced in
1929 in Brussels.

During the 1920s and early 1930s, Prokofiev toured
with immense success as a pianist in the great musical
centres of western Europe and the United States. HisU.S.
tours in 1925, 1930, and 1933 were attended with tumul-
tuous success and brought him new commissions, such as
the Symphony No. 4 in C Major, Opus 47 (1930), in-
corporating musical material of The Prodigal Son, for
the 50th anniversary of the Boston Symphony, and the
First Sring Quartet, commissioned for the Library of
Congress. His new piano concertos—No. 4, Opus 53
(1931), for the left hand, and No. 5 in G Major, Opus
55 (1932) — demonstrated anew his bent for impulsive-
ness and virtuoso brilliance.

Soviet period. Although he enjoyed material well-
being, success with the public, and contact with outstand-
ing figures of Western culture, such as Stravinsky, Chap-
lin, and Picasso, Prokofiev increasingly missed his home-
land. Visits to the U.S.SR. in 1927, 1929, and 1932 led
him to the decision to conclude his foreign obligations
and return to Moscow once and for all. From 1933 to
1935 the composer gradually accustomed himself to the
new conditions and became one of the leading figures of
Soviet culture. H e established close connections with the-
atres and cinema studios and received interesting com-
missions, while not abandoning concert tours abroad un-
til 1938. He valued the opportunity for contact and col-
laboration with eminent figures in Soviet at—the film
maker Sergey Eisenstein, the ballerina Galina Ulanova,
the pianist Svyatoslav Richter, the writers llya Ehren-
burg and Aleksey Tolstoy, and others.

In the two decades constituting the "Soviet period" of
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Prokofiev's work — 1933 to 1953 —the realistic and epical
traits of his art became more clearly defined. The synthe-
sis of traditional tonal and melodic means with the stylis-
tic innovations of 20th-century music was more fully
worked out.

I n the years preceding World War 11, Prokofiev created
a number of classical masterpieces. These included his
Violin Concerto No. 2 in G Minor, Opus 63 (1935), the
ballet Romeo and Juliet (1935-36), and the music for
Eisenstein's film Alexander Nevsky (1938). His work
in theatre and the cinema gave rise to a number of
charming programmatic suites, such as the Lieutenant
Kije suite (1934), the Egyptian Nights suite (1934), and
the symphonic children's tale Peter and the Wolf (1936).
Turning to opera, he cast in the form of a contemporary
drama of folk life his Semyon Kotko, depicting events
of the civil war in the Ukraine (1939). The basis of the
brilliantly modernized opéra bouffe the Betrothal in a
Monastery (composed in 1940, produced in 1946) was
the play The Duenna, by the 18th-century British drama-
tist Richard Brinsley Sheridan. Testing his powers in
other genres, he composed the monumental Cantata for
the 20th Anniversary of the October Revolution (1937),
on texts by Lenin, and the epic cantataThe Toast (1939).

On his last trip abroad, Prokofiev visited Hollywood,
where he studied the technical problems of the sound
film; the experience thus gained he applied brilliantly in
the striking national music for Eisenstein's film Alexan-
der Nevsky (1938), depicting the heroic Russian struggle
against the Teutonic Knights of the 13th century. The
cantata Alexander Nevsky was based on the music of the
film. One of the summits of Prokofiev's art was the pro-
duction of his ballet Romeo and Juliet in Leningrad, with
Ulanova in the leading role. Throughout the 1930s Pro-
kofiev took part in the organizational work of the Com-
posers Union, made appearances as conductor and as
pianist, and travelled much throughout the country.

On the eve of World War II, a change occurred in his
personal life: leaving his first family, he linked his des-
tiny withthat of the poet Mira Mendelssohn, who became
his second wife.

The war sharpened Prokofiev's national and patriotic
feelings. Regardless of the difficulties of the war years, he
composed with remarkable assiduity, even when the evac-
uation of Moscow in 1941 made it necessary for him and
his wife to move from one place to another until they
wereableto returnin1944.

From the first days of the war, the composer's attention
was centred on a very large-scale operatic project: an
opera based on Tolstoy's novel War and Peace. He was
fascinated by the parallels between 1812, when Russia
crushed Napoleon's invasion, and the then current situa-
tion. Thefirst version of the operawas completed by the
summer of 1942, but subsequently the work was funda-
mentally revised, a task that occupied more than ten
years of intensive work. Those who heard it were struck
both by the immense scale of the opera (13 scenes,
more than 60 characters) and by its unique blend of epic
narrative with lyrical scenes depicting the personal desti-
nies of the major characters. An increasing predilection
for national-epical imagery is manifested in the heroic
majesty of the Symphony No. 5 in B Flat Major, Opus
100 (1944), and in the music (composed, 1942-45) for
Eisenstein's two-part film lvan the Terrible (Part I, 1944;
Part 11, 1948). Living in the Caucasus, in Central Asia,
in the Urals, the composer was everywhere interested in
the folklore, an interest reflected in the String Quartet
No. 2 in F Major, Opus 92, on Kabardinian and Balk-
arian themes (1941); and in the comic opera Khan
Buzai, on themes of Kazakh folktales. Documents of
those troubled days are three piano sonatas, No. 6, Opus
82 (1940), No. 7, Opus 83 (1942), and No. 8, Opus
84 (1944), which are striking in the dramatic con-
flict of their images and their irrepressible dynamism.
Critics saw in the intense climaxes of the Seventh
Sonata and the Fifth Symphony the spirit of Russia
courageously repelling the Nazi assault. Prokofiev spent
the summers of 1944 and 1945 near |vanovo, at a former
state poultry farm placed at the disposal of composers

The war
years
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during the war; there he worked in close association with
Nikolay Myaskovsky, Dmitry Shostakovich, Aram Kha-
chaturian, Dmitry Kabalevsky, and others.

Overwork was fatal to the composer's health: in 1945 he
became afflicted with a severe form of high blood pres-
sure. In the following years, the illness continually wors-
ened. His doctors strictly limited his work schedule. They
even forbade him his favourite diversions— playing chess
and driving a car. Nevertheless, the last eight years of his
life were, like the preceding ones, filled with work, which
continued despite the strong criticism that was directed at
some of his compositions in the late 1940s. Unfounded
accusations appeared in the press against Prokofiev's
work; they were instigated by supporters of formalism
and decadent complexity. A decade later, however, these
charges were officially repudiated by the Central Commit-
tee of the Communist Party.

During the last years of his life, Prokofiev seldom left his
villa in a suburb of Moscow. His propensity for innova-
tion, however, is till evident in such important works as
the Symphony No. 6 in E Flat Minor, Opus 111 (1945-
47), which is laden with reminiscence of the tragedies of
the war just past; the Sinfonia Concerto for Cello and
Orchestra in E Minor, Opus 125 (1950-52), composed
with consultation from Mstisav Rostropovich; and the
Violin Sonata in F Minor, Opus 80 (1938-46), dedicated
to David Oistrakh, which isin Russian folk imagery. Just
as in earlier years, the composer devoted the lion's share
of his energy to musical theatre: cases in point were the
opera The Story of a Real Man (1947-48), the ballet The
Stone Flower (1948-50), and the oratorio On Guard for
Peace (1950), which was performed by a mixed chorus
and soloists. In these years Prokofiev reworked some of
his earlier compositions and created fundamentally new
versions of the Fourth Symphony (1947) and the Piano
Sonata No. 5in C Major, Opus 135 (1952-53). The lyrica
Symphony No. 7 in C Sharp Minor, Opus 131 (1951-52)
was the composer's swan song.

On March 5, 1953, Prokofiev died suddenly of cerebral
hemorrhage. On his worktable there remained a pile of
unfinished compositions, including sketches for a 6th con-
certo for two pianos, a 10th and an 11th piano sonata, a
Kazakh comic opera, and a solo violoncello sonata. The
subsequent years saw a rapid growth of his popularity in
the Soviet Union and abroad. In 1957 he was posthu-
mously awarded the Soviet Union's highest honour, the
Lenin Prize, for the Seventh Symphony.

MAJOR WORKS

Orchestral music

sYMPHONIES: No. 1in D Major (Classical Symphony), op. 25
(1916-17); No. 2in D Minor, op. 40 (1924); No. 3in C Minor,
op. 44 (1928); No. 4 in C Major, op. 47 (1930); No. 4in C
Major, 0p. 112 (1947, revision); No. 5 in B Flat Major, op. 100
(1944); No. 6 in E Flat Minor, op. 111 (1945-47); No. 7inC
Sharp Minor, op. 131 (1951-52).

concertos:  Nine concertos, including First Piano Concerto
in D Flat Major, op. 10 (1911); Third Piano Concerto in C
Major, op. 26 (1917-21); First Violin Concertoin D Major, op.
19 (1916~17); Second Violin Concerto in G Minor, op. 63
(1935); Cello Concertoin E Minor, op. 58 (1935-38); Sinfonia
Concerto for Celloand Orchestrain E Minor, op. 125 (1950-52),

BALLETS: The Buffoon,op. 21 (1915, ballet; 1922, symphon
ic suite); Le Pas dacier, op. 41 (1925); The Prodigal Son, op.
46 (1928, ballet; 1929, symphonic suite); Romeo and Juliet,
op. 64 (1935-36, ballet and suites); Cinderella, op. 87 (1940-
44); The Stone Flower (1948-50, ballet and suites).

OTHER ORCHESTRAL WORKS: Scythian Suite, op. 20 (1914-
15); Lieutenant Kije, op. 60 (1934, suite); Egyptian Nights, op.
61 (1934, suite); Russian Overture, op. 72 (1936).

Chamber music

Two quartets, a quintet for wind instruments, an Overture-
sextet on Jewish themes, a violin sonata, and two sonatas for
violin and piano.

Piano works

Numerous compositions for piano, including ten sonatas;
Ten Pieces for Piano, op. 12 (1906-13); Sarcasms, op. 17
1912-14, five pieces for piano); Visions Fugitive, op. 2
1915-17, 20 pieces for piano); Tales of the Old Grandmother,
op. 31 (1918, four pieces for piano).

Vocal works

OPERAS. The Gambler, op. 24 (1915-16, rev. 1927); The Love
for Three Oranges, op. 33 (19131; The Flaming Angel, op. 37
(1919-27); Semyon Kotko, Op. (1939); War and Peace, op.
91 (1941-52); Betrothal in a Monastery (The Duenna), op. 86
(1940); The Story of a Real Man (1947-48).

CANTATAS: Seven, They Are Seven, op. 30 (1917-18); Can-
tata for the 20th Anniversary of the October Revolution, op. 74
(1937); Alexander Nevsky, Op. 78 (1938-39); Zdravitsa (earlier
cdled Toasr), op. & (1939).

OTHER WORKS FOR VOICE AND ORCHESTRA: Peter and the
Wolf, op. 67 (1936, symphonic tale); Winter Bonfire, op. 122
(1949, suite for narrator, children's choir, and orchestra): On
Guard for Peace, op. 124 (1950, oratorio).

songs:  About 60 songs and romances, incl udirg "The ugﬁ
Duckling," op. 18 (1914); 12 arrangements o Russian fol
songs for volce and piano, 2 vol., op. 104 (1944).

BIBLIOGRAPHY. Two o the most important sources of in-
formation are the documentary collections S Prokofiev: Au-
tobiography, Articles, Reminiscences, €d. by s. SHLIFSTEIN
(1960; oriP. pub. in Russian, 1956; 2nd ed., 1961), and a
larger collection of the composer's memoairs, Prokofiev by
Prokofiev (1979; edited by David H. Appd from the origina
compilation edited by M. Kozlova). Although in the years
snce the death of the composer an extensive musicological
literature concerning him has appeared, vay little has been
published in English. 1srAeL Nestyev, Prokofiev (1960; orig.
pub, in Russian, 1957; new ed., 1973), is the first serious work
to systematically study the man and his music. A popular
biographical and critical study is r. HOFMANN. Serge Proko-
fiev: I'nomme et son oeuvre (1964).

In Russian, the following anaytical sudies are recom-
mended: CEPTEY M. CIOHUMCEKWI, Cungonuu Iporo-
goesa. Ontum ‘uccaedosanus (1964), on the symphonies;
MAPUHA . CABUHUNHA, «Cemen Komwuo» t npodaemvl
oneproti dpamamypauu Ipowoguesa (1963), on the drama-
turgy o the operas; and B.H. XOJOIIOBA and 0. . X0J0-
TI0B, ®opmenbannsie conamvs C.C. Iporodsesa (1961), on
the contemporary characteristics o Prokofiev's harmony.
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Propaganda

Propaganda is the more or less systematic effort to
manipulate other people's beliefs, attitudes, or actions by
means of symbols (words, gestures, banners, monuments,
music, clothing, insignia, hairstyles, designs on coins and
postage stamps, and so forth). Deliberateness and a rela-
tively heavy emphasis on manipulation distinguish propa-
ganda from casual conversation or the free and easy
exchange of ideas. The propagandist has a specified goa
or set of goals. To achieve these he deliberately selects
facts, arguments, and displays of symbols and presents
them in ways he thinks will have the most effect. To
maximize effect, he may omit pertinent facts, and he may
try to divert the attention of the reactors (the people
whom he is trying to sway) from everything but his own
propaganda.

Comparatively deliberate selectivity and manipulation
also distinguish propaganda from education. The educator
tries to present various sides of an issue—the grounds for
doubting as wdl as the grounds for believing the state-
ments he makes, and the disadvantages as wel as the
advantages of every conceivable course of action. Educa-
tion ams to induce the reactor to collect and evaluate
evidence for himsdf and assists him in learning the tech-
niques for doing so. It must be noted, however, that a
given propagandist may look upon himself as an educa-
tor, may believe that he is uttering the purest truth, that
he is emphasizing or distorting certain aspects of the truth
only to make a valid message more persuasive, and that
the courses of action that he recommends are in fact the
best actions that the reactor could take. By the same
token, the reactor who regards the propagandist’s mes-
sage as sdlf-evident truth may think of it as educational;
this often seems to be the case with "true believers”—
dogmatic reactors to dogmatic religious or socia propa-
ganda. "'Education” for one person may be *propaganda’”
for another.

PROPAGANDA AND RELATED CONCEPTS

Connotationsof theterm propaganda. The word propa
ganda itself, as used in recent centuries, apparently de-
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rivesfrom the title and work of the Congregatio de Pro-
paganda Fide (Congregation for Propagation of the
Faith), an organization of Roman Catholic cardinals
founded in 1622 to carry on missionary work. To many
Roman Catholics the word may therefore have, at least
in missionary or ecclesiastical terms, a highly respectable
connotation. But even to these persons. and certainly to
many others. thetermisoften adirty onetending to con-
note such things as the discredited atrocity stories and
deceptively stated war aims of World Wars | and 11, the
operations of the Nazis' Ministry of Public Enlighten-
ment and Propaganda, and the broken campaign prom-
ises of a thousand politicians. Also, it is reminiscent
of countless instances of false and misleading adver-
tising (especidly in countries using Latin languages,
in which piopagande commerciale or some equivalent is
acommon term for commercial advertising).

To informed students of Communism, the term propa-
ganda has yet another connotation, associated with the
term agitation. The two terms were first used by the
Marxist Ceotgy Plekhanov and later elaborated upon by
Lenin in a pamphlet What Is To Be Done? (1902), in
which he defined "propaganda’ as the reasoned use of
historical and scientific argumentsto indoctrinate the edu-
cated and enlightened (the attentive and informed pub-
lics, in the language of today's socia sciences); he de-
fined " agitation" asthe use of dogans, parables, and half-
truths to exploit the grievances of the uneducated and the
unreasonable. Since he regarded both strategies as ab-
solutely essential to political victory, he twinned them in
the term agitprop. Today every unit of a Communist
party must have an agitprop section, and to the Com-
munist, the use of propaganda in Lenin's sense is com-
mendable and honest. Thus, a standard Soviet manual
for teachers of social sciences is entitled Propagandistu
politekonoinii (For the Propagandist of Political Econ-
omy), and a pocket-sized booklet issued weekly to sug-
gest timely slogans and brief arguments to be used in
speeches and conversations among the masses is called
Bloknot agitatora (The Agitator's Notebook).

Related terms. Related to the word propaganda, as it
is more generally used, is the concept of " propaganda
of the deed." This denotes taking nonsymbolic action
(such as economic or coercive action), not for its eco-
nomic or coercive effects but for its possible propagan-
distic effects. Examples of propaganda of the deed would
include staging an atomic "test" or the public torture of
a criminal for its presumable deterrent effect on others,
or giving foreign "economic aid" primarily to influence
the recipient's opinions or actions and without much in-
tention of building up the recipient's economy.

Distinctions are sometimes made between overt propa-
ganda, in which the propagandist and perhaps his backers
are made known to the reactor, and covert propaganda,
in which the source is secret or disguised—a ""hidden
persuader." Covert propaganda might include such things
as unsigned political advertisements, clandestine radio
stations using false names, and statements by editors,
politicians, or others who have been secretly bribed by
governments, political backers, or businessfirms. Sophis-
ticated diplomatic negotiation, legal argument, collective
bargaining, commercial advertising, and political cam-
paigns are of course quite likely to include considerable
amounts of both overt and covert propaganda and to be
accompanied by propaganda of the deed.

Another term related to propaganda is psychological
warfare (sometimes abbreviated to "psychwar'), which
is the prewar or wartime use of propaganda directed pri-
marily at confusing or demoralizing enemy populations
or troops, putting them off guard in the face of coming
attacks, or inducing them to surrender.

Still another related concept is that of brainwashing.
This term usually means intensive political indoctrina-
tion. It may involve long political lectures or discussions,
long compulsory reading assignments, and soforth, some-
times in conjunction with efforts to reduce the reactor's
resistance by exhausting him either physicaly through
torture, overwork, or denial of deep or psychologically
through solitary confinement, threats, emotionally dis-
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turbing confrontations with interrogators or defected
comrades, humiliation in front of fellow citizens, and the
like. The term brainwashing has been widely used in sen-
sational journalism to refer to Such activities (and to
many other activities) when they have allegedly been
conducted by Maoists in China and elsewhere.

Another related word, advertising, has mainly commer-
cial connotations, though it need not be restricted to this;
political candidates, party programs, and positions on
political issues may be "packaged" and "marketed" by
advertising firms. The words promotion and public re-
lations have wider, vaguer connotations and are often
used to avoid the implicationsof "advertising™ or " propa-
ganda." "Publicity" and " publicism" often imply merely
making a subject known to a public, without educational,
propagandistic, or commercial intent.

Signs, symbols, and media used in contemporary prop-
aganda. The 20th-century propagandist with money and
imagination can use a very wide range of signs, symbols,
and media to convey his message. Signs are simply stim-
uli —"information bits" capable of stimulating, in some
way, the human organism. These include sounds, such as
words. music, or a 21-gun salvo; gestures (a military sa-
lute, a thumbed nose); postures (a weary slump, folded
arms, a sit-down, an aristocratic bearing); structures (a
monument, a building); items of clothing (a uniform, a
civilian suit); visual signs (a poster, a flag, a picket sign,
abadge, aprinted page, acommemorative postage stamp,
a swastikascrawled on awall); and so on and on.

A symbol is a sign having a particular meaning for a
given reactor. Two or more reactors may of course attach
quite different meanings to the same symbol. Thus, to
Nazisthe swastikawasa symbol of racial superiority and
the crushing military might of the German folk; to some

Time cover by Artzybasheff, © 1962, Time Inc.
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The cover of Time, August 31, 1962, exemplifies propaganda
against the construction of the Berlin wall by East Germany.
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Asiatic and North American peoples it is a symbol of
universal peace and happiness. Some Christianswho find
a cross reassuring may find a hammer and sickle displeas-
ing and may derive no religious satisfaction at all from a
Muslim crescent, a Hindu cow, or a Buddhist lotus.

The contemporary propagandist can employ elaborate
social-scientific research facilities, unknown in previous
epochs, to conduct opinion surveys and psychological
interviews in efforts to learn the symbolic meanings o
given signs for given reactors around the world and to
discover what signs leave given reactors indifferent be-
cause, to them, these signs are without meaning.

Media are the means—the channels—used to convey
signs and symbols to the intended reactor or reactors. A
comprehensive inventory of media used in 20th-century
propaganda could cover many pages. Written media in-
clude letters, handbills, posters, billboards, newspapers,
magazines, books, and handwriting on walls and streets.
Among audiovisual media, television may be the most
powerful for many purposes. Television can convey a
great many types of signs simultaneously; it can gain
heavy impact from mutually reinforcing gestures, words,
postures, and sounds and a background of symbolically
significant leaders, celebrities, historic settings, architec-
tures, flags, music, placards, maps, uniforms, insignia,
cheering or jeering mobs or studio audiences, and staged
assemblies of prestigious or powerful people. Other au-
diovisual mediainclude public speakers, motion pictures,
theatres, marching bands, mass demonstrations, picket-
ing, face-to-face conversations between individuals, and
"talking" exhibits at fairs, expositions, and art shows.

The larger the propaganda enterprise, the more impor-
tant are such mass media as television and the press and
also the organizational media—that is, pressure groups
set up under leaders and technicians who are skilled in
using many sorts of signs and media to convey messages
to particular reactors. Vast systems of diverse organiza-
tions can be established in the hope of reaching leaders
and followers of all groups (organized and unorganized)
in a given area, such as a city, region, nation or coalition
of nations, or the entire world. Pressure organizations are
especially necessary, for example, in closely fought sales
campaignsor political elections, especially in socially het-
erogeneous areas that have extremely divergent regional
traditions, ethnic and linguistic backgrounds, and edu-
cational levels and very unequal income distributions.
Diversities of these sorts make it necessary for products
to be marketed in local terms and for political candidates
to appear to be friends of each of perhaps a dozen or
more mutually hostile ethnic groups, of the educated
and the uneducated, and of the very wealthy as well as
the poverty-stricken.

EVOLUTION OF THE THEORY OF FRCFAGANDA

Early commentators and theories. The archaeological
remains of ancient civilizations indicate that dazzling
clothing and palaces, impressive statues and temples,
magic tokens and insignia, and elaborate legal and reli-
gious arguments have been used for thousands of years,
presumably to convince the common people of the pur-
ported greatness and supernatural prowess of kings and
priests. Instructive legends and parables, easily memo-
rized proverbs and lists of commandments (such as the
Analects of Confucius, the Judaic Ten Commandments,
the Hindu Laws of Manu, the Buddhists' Eightfold Noble
Path), and highly selective chronicles of rulers' achieve-
ments have been used to enlist mass support for particu-
lar social and religious systems. Very probably, much of
what was said in antiquity was sincere, in the sense that
the underlying religious and social assumptions were so
fully accepted that the warlords' spokesmen, the phar-
aohs' priests, and their audiences believed all or most of
what was communicated and hence did not deliberate or
theorize very much about alternative argumentsor means
of persuasion.

The systematic, detached, and deliberate analysis of
propaganda, in the West, at least, may have begun in
Athens about 500 Bc, as the study of rhetoric (Greek:
"the technique of orators"). The tricks of using sono-

rous and solemn language, carefully gauged humour, art-
ful congeniality, appropriate mixtures of logical and il-
logical argument, and flattery of a jury or a mob were
formulated from the actual practices of successful law-
yers, demagogues, and politicians. Relatively ethical
teachers such as Isocrates, Plato, and Aristotle compiled
rules of rhetoric (1) to make their own arguments and
those of their students more persuasive and (2) to design
counterpropaganda against opponents and also (3) to
teach their students how to detect the logical fallacies
and emotional appeals of demagogues.

Early students of rhetoric also examined what today's
analysts would call the problem of source credibility—
what a speaker can say or do to convince his hearers that
he is telling the truth, is well intentioned, is public-spirit-
ed, and so forth. For example, an Athenian lawyer de-
fending an undersized man on trial for murder might
instruct him to say to a jury: "Isit likely that an under-
sized man like me, so often ridiculed for being clumsy
with a sword, would have attacked and killed this very
tall war veteran who isfamouseverywhere for his swords-
manship?" But a tall and strong defendant might be told
to invert the plea: "*Would any man of my unusual height,
who is rather well known to have slain 300 Persians in
sword fights, have allowed himself to be drawn into a
quarrel with this puny man—knowing full well that a
jury of reasonable Athenians would be inclined from the
start to hold me guilty if someone killed him?* So well
did Greek rhetoricians analyze the arts of legal sophistry
and political demagoguery that their efforts were imitated
and further developed in Rome by such figures as Cicero
and Quintilian. Aristotle's Rhetoric and similar works
by others have, indeed, served as model textsfor Western
scholars and students until this day.

There have been similar lines of thought in other major
civilizations. I n ancient India, the Buddha, and in ancient
China, Confucius, both advocated, much as Plato had,
the use of truthfulness, "good" rhetoric, and " proper"
forms of speech and writing as means of persuading men,
by both precept and example, to live the good life. To-
ward 400 Bc in India, Kautilya, a Brahmin believed to
have been chief minister to the emperor Candragupta
Maurya, reputedly wrote the Arthasastra (Principles of
Politics), a book of advicefor rulers that has often been
cempared with Plato's Republic and Machiavelli's much
later work The Prince. Kautilya discussed, in some de-
tail, the use of psychological warfare, both overt and
clandestine, in efforts to disrupt an enemy's army and
capture his capital. Overtly, he said, the propagandists
of a king should proclaim that he can do magic, that God
and the wisest men are on his side, and that all who sup-
port hiswar aims will reap benefits. Covertly, his agents
should infiltrate his enemies and potential enemies
kingdoms, spreading defeatism and misleading news
among their people, especially in capital cities, among
leaders, and among the armed forces. In particular, a
king should employ only Brahmins, unquestionably the
holiest and wisest of men, as propagandists and diplo-
matic negotiators. These morally irreproachable experts
should cultivate the goodwill of their king's friends, and
of friends of hisfriends, and also should woo the enemies
o his enemies. A king should not hesitate, however, to
break any friendships or alliances that are later found
to be disadvantageous.

Similar advice isfound in The Art of War by the Chi-
nese theorist Sun Tzu, who wrote at about the same time.
"All warfare,” he said, "is based on deception. Hence,
when able to attack, we must seem unable; when using
our forces, we must seem inactive; when we are near, we
must make the enemy believe that we are far away;
when far away, we must make him believe we are near.
Hold out baits to entice the enemy. Feign disorder, and
crush him."

The spread of all complex political systems and reli-
gions probably has been due very largely to a combina-
tion of earnest conviction and the deliberate use of propa-
ganda. This mixture can be detected in the recasting in
various times and places of the legends of the Judaeo-
Christian messiah, of heroes of the Hindu Mahdbhdrata.
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o the Buddha, of the ancestral Japanese Sun Goddess, of
the livesof Muhammad and hisrelatives, of the Christian
saints, of such Marxist heroes as Marx, Engels, Lenin,
and Stalin, and even in the story of George Washington
and the cherry tree.

Scattered and sometimes enlightening comment on po-
litical and religious propaganda has occurred in al major
civilizations. In ancient Greece and Rome there was
much writing on election tactics. In 16th-century Italy,
Machiavelli discussed, very much like Kautilya and Sun
Tzu, the uses of calculated piety and duplicity in peace
and war. In Shakespeare's plays, Mark Antony and the
Duke of Buckingham display the principles of propagan-
daand discussthem inwords and concepts that anticipate
the present-day behavioral scientist (see Julius Caesar,
Act TII and Richard 117, Act 1IT). They refer to such
propaganda stratagems as the seizure and monopoliza-
tion of propaganda initiatives, the displacement o guilt
onto others (scapegoating), the presentation of oneself as
morally superior, and the coordination of propaganda
with violence and bribery.

Modern research and the evolution of current theories.
After the decline of the ancient world, no elaborate sys-
tematic study of propaganda appeared for centuries— not
until the Industrial Revolution had brought about mass
production and raised hopes of immensely high profits
through mass marketing. Toward the beginning of the
20th century, researchers began to undertake studies of
the motivations of many types of consumers and o their
responses to various kinds of salesmanship, advertising,
and other marketing techniques. From the early 1930son,
there have been "consumer surveys" much in the man-
ner of public-opinion surveys. Almost every conceivable
variable affecting consumers' opinions, beliefs, suggesti-
bilities, and behaviour has been investigated for every
kind of group, subgroup, and culture in the major capi-
talist nations. Consumers' wants and habits are beginning
to be studied in the same ways in the socialist countries—
partly to promote economic efficiency and partly to pre-
vent political unrest. Data on the wants and habits of
voters as well as consumersare now being gathered in the
same elaborate ways in many parts of the world.

Large quantities of such information on consumers and
voters are stored and statistically processed by computers
and are drawn upon for nationwide and international
advertising campaigns costing billions of dollars annual-
ly. Such advertising—including political advertising—oc-
cupiesa very high percentage of radio and televisiontime
and of newspaper, niagazine, and billboard space in coun-
tries where it is permitted. By conservative estimates
$140,000,000 was spent in the U.S. presidential election
of 1952, $155,000,000 in that of 1956, $175,000,000 in
1960, and $200,000,000 in 1964. On radio and television
alone the Republican Party was estimated to have spent
more than $12,000,000 and the Democratic Party over
$7,100,000, for their presidentia and vice presidential
candidates in 1968. Critics have argued that advertising
expenditures on such a scale, whether for deodorants or
presidents, tend to waste society's resources and aso to
preclude effective competition by rival producers or poli-
ticians who cannot raise equally large amounts of money.
A rising tide of consumer resistance and voter skepticism
is leading to various attempts at consumer education,
voter education, counterpropaganda, and proposals for
regulatory legislation.

As far back as the early 1920s, there developed an
awareness among many social critics that the extension
of thevote and of enlarged purchasing power to more and
more of the ignorant or ill-educated meant larger and
larger opportunities for both demagogic and public-spirit-
ed propagandists to make headway by using fictions and
myths, utopian appeals, and "'the noble lie" Interest was
aroused not only by the lingering horror of World War |
and of the postwar settlements but also by publication of
Ivan Paviov’s experiments on conditioned reflexes and of
analyses of human motivations by various psychoana-
lysts. Freud's Group Psychology and the Analysisof the
Ego (1922) was particularly relevant to the study of
leaders, propagandists, and followers, as were Walter
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Lippmann's Public Opinion (1922) and The Phantom
Public (1925).

In 1927, an American political scientist, Harold D. Lass-
well, published a now-famous book, Propaganda Tech-
nique in the World War, a dispassionate description and
analysis of the massive propaganda campaigns conducted
by all the major belligerents in World War |. This he
followed with studies of Communist propaganda and of
many other formsof communication. Within afew years,
a great many other social scientists, along with historians,
journalists, and psychologists, were producing a wide va-
riety of publications purporting to analyze military, polit-
ical, and commercia propaganda of many types. During
the Nazi period and the period of World War II and the
subsequent cold war between the U.S. and the Soviet
Union, a great many researchers and writers, both skilled
and unskilled, scholarly and unscholarly, were employed
by governments, political movements, and business firms
to conduct propaganda. Some of those who had scientific
training designed very carefully controlled experiments
or Intelligence operations, attempting to quantify data on
appeals of various types of propaganda to given reactors.

In the cousrse of this theory building and research, the
study of propaganda advanced a long way on the road
from lore to science. Today several hundred more or less
scholarly books and thousands of articles shed substantial
light on the psychology, techniques, and effects of propa-
ganda campaigns, major and minor.

In recent decades, nearly every significant government,
political party, special-interest group, social movement,
and big business firm in the advanced countries has de-
veloped its own corps of specialized researchers, propa-
gandists, or "opinion managers" (sometimes referred to
as information specialists, lobbyists, legislative represen-
tatives, or vice presidents in charge of public relations).
Some have become members of parliaments, cabinets, and
corporate boards of directors. The most expert among
them sometimes are highly skilled or trained, or both, in
history, psychiatry, palitics, social psychology, survey re-
search, and statistical inference.

Many of the bigger and wealthier propaganda agencies
conduct (overtly and covertly) elaborate observations
and opinion surveys, among samples of the leaders, the
middle strata, and the rank and file of all social groups,
big and little, whom they hope to influence. They tabulate
many kinds of data concerning those contents of the
press, films, television, and organizational media that
reach given groups. They chart the responses of reactors,
through time, by statistical formulas. They conduct " sym-
bol campaigns” and "image-building" operations with
mathematical calculation, using quantities of data that
can be processed only by computers. To the ancient
art of rhetoric, the "technique of orators," have been
added the techniques of the psychopolitical analyst and
the media man and the know-how of the administrators
of giant advertising agencies, public relations firms, and
governmental ministries of information that employ
armies of analytic specialists and " symbol-handlers."

It is a commonplace among the highly educated that
men in the mass— and even men on high educational and
social levels—often react more favourably to utopian
myths, wishful thinking, and nonrational residues of ear-
lier experiences than they do to the sober analysis of
facts. The average citizen who may be aware of being
duped is not likely to have enough education, time, or
economic means to defend himself against the massive
organizations of opinion managers and hidden persuad-
ers. Indeed, to affect them he would have to act through
large organizations himself and to use, to some extent,
the very means used by those he seeks to control. The
still greater "curse of bigness" that may evolve in the
future is viewed with increasing concern by many po-
litically conscious people.

THE ANALYSIS OF CONTEMPORARY PROPAGANDA

The components of propaganda. The contemporary
propagandist employing behavioral theory tends to ana-
lyze hisproblemin termsof atleast ten questions:

1. What are the goals of the propaganda? (What
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changes are to be brought about? I n whom? And when?)

2. What are the present and expected conditions in the
world social system?

3. What are the present and expected conditions in
each of the subsystems of the world social system (such
as international regions, nations, lesser territories, inter-
est groups) ?

4. Who should distribute the propaganda— the propa-
gandist or his agents?

5. What symbols should be used?

6. What mediashould be used?

7. Which reactors should the propaganda be aimed at?

8. How can the effects of the propaganda be measured?

9. By what countermeasures can opponents neutralize
or suppress the propaganda?

10. How can such countermeasures be measured and
dealt with?

In the present state of social science, this ten-part prob-
lem can be solved with only moderate confidence with
respect to any really major propaganda campaign, even if
one has a great deal of money for research. Yet if the
propagandist is to proceed as rationally as possible, he
needsthe best answersthat are available.

Goals. Goalsarefairly easy to define if the propagan-
dist simply wants to sell a relatively safe, useful, and
simple good or service. When the propagandist aims to
convert great numbers of people to a religion or a new
social order or to induce extremely dangerous collective
action like a wai or revolution, however, the definition of
goals becomes highly complex. It is complicated further
by problems about "means-goals” or intermediate goals:
probably the campaign will have to goonfor along time
and will have to be planned in stages, phases, or waves.
The propagandist may find it hard to specify, even to
himself, exactly what beliefs, values, or actions he wants
to bring about, by what pointsin time, among different
sorts of people. Very large and firmly held complexes of
values are involved, such as prestige, peace of mind, in-
come, and even life itself or the military security of entire
nations or regions--even, in modern times, the annihila-
tion of all mankind. In such a situation, a mass of intri-
cate and thorny value dilemmas arises: |s military or
revolutionary victory worth the price of economic ruin?
Can a desired degree of individual liberty be achieved
without too much loss of social equality?|samuch quick-
er achievement of goals worth a much greater amount of
human suffering? Are war crimes to be committed in or-
der to win a battle? I n short: What is the propagandist
willing to risk, for what, across what periods of time?

Present and expected conditions in the world social
system. Under modern conditions, each act of propa
gandais apt to have effects in several parts of the world.
Some of these may boomerang unexpectedly against the
propagandist himself unless he can visualize the global
system and its components and anticipate the problems
that may arise. The global system, moreover, is inexora-
bly changing. As population, trade, travel, education, and
technology evolve, new centres of political, cultural, and
economic power emerge. This social evolution, extreme-
ly rapid in current times, tends on balance to limit the use
of more simplistic and parochial kinds of propaganda and
increases the need for more sophisticated, scientifically
formulated, and univeisalistic (world-oriented) types. If,
for example, thereis, as some theorists argue, an evolu-
tion everywhere from less rationality and scientism to-
ward more and from the primacy of particularistic loyal-
ties toward the primacy of a universalistic loyalty, isthe
propagandist to use appeals that resist such trends or ac-
cept them? If he resists, what is the cost? If his appeals
are far ahead of histime, again what is the cost?

Present and expected conditions in subsystems. In
many times and placesin the past, the propagandist could
profit handsomely by ignoring the welfare of a nation or
the world and appealing to extremes of religious, racial,
political, or economic fanaticism. This paid off very well,
in the short run at least, within many subsystems. Today,
however, this kind of propagandacan prove to be useless
and even dangerous. The prudent propagandist has there-
foreto decide what mix of universalistic and particularis-

tic symbolism will best serve his purposes at given times
in given places. The choice is never an easy one: parochi-
al or class-conscious or national groups may be aroused
to the highest passions; and they are numerous and di-
verse and often highly incompatible with one another and
with the imperatives of the nation or the world.

The propagandist and his agents. The use of seeming-
ly reputable, selfless, or neutral agents or so-called front
organizations, while the propagandist himself remains be-
hind the scenes, may greatly improve his prospects. If the
authorities are after the propagandist, seeking to suppress
hisactivities, he must stay underground and work through
agents. But even in freer circumstances, he may wish
someone else to speak for him. The propagandist, for in-
stance, may not speak the reactors language or idiom
fluently. He may not know what they associate with given
symbols. Or their cultural, racial, or religious feelings
may bias them against him and thus tend to deny him a
favourable hearing. I n such cases the use of agentsisin-
escapable. Thus, subsidizing a native news commentator
or lecturer in a foreign country or furnishing propagan-
distic music for use by aforeign broadcasting station may
be more effective than conducting one's own broadcasts.
(There are exceptions, however. Many surveys have
shown, for example, that news broadcasts by the British
Broadcasting Corporation are considered by various for-
eign audiences to be more truthful than broadcasts orig-
inating in their own countries.) Furthermore, if the prop-
aganda fails or isexposed for what it is, the agent can be
publicly scapegoated while the real propagandist contin-
ues to operate and develop new stratagems. The prince,
said Machiavelli, may openly and conspicuously bestow
awards and honours and public offices; but he should
have his agents carry out all actions that make a man un-
popular, such as punishments, denunciations, dismissals,
and assassinations.

A complicated modem campaigh on a major scale is
likely to be planned most successfully by a collective
leadelship—ateam of broadly educated and skilled peo-
ple who have had both practical experience in public
affairs and extensive training in history, psychology, and
the socia sciences. The detachment, skepticism, and sec-
ularism of such persons may, however, cause them to be
viewed with great suspicion by many reactors. |t may be
important, therefore, to keep the planners behind the
scenes and to select intermediaries, front men, Trojan
horses, and "dummy leaders" whom the reactors are
more likely tolisten to or appreciate.

Contemporary social-psychological research, dating
from Freud's Group Psychology and the Analysis of the
Ego, makes clear the wisdom of traditional insights con-
cerning the supreme importance of leadership in any
group, be it the family, the nation, or the world social
system. The rank and file of any group, especially a big
one, have been shown to be remarkably passive until
aroused by quasi-parental |eaders whom they admire and
trust. It is hard to imagine the Gallic wars without
Caesar, the psychoanalytic movement without Freud, the
Nazis without Hitler, or the major Communist revolu-
tions without Lenin and Mao Tse-tung and their politbu-
ros. These leaders were real, not dummies invented and
packaged by image makers from an advertising agency or
public relations firm. In the age of massive opinion re-
searches, however, and with the aid of speech coaches
and makeup artists and the magic impact of television, it
has become increasingly possible for image makers to
create front men who can affect the votes and other be-
haviour of very large percentages of a national audience.
As one knowledgeable participant phrased it in 1970:

There are now four essential ingredients to a professionally
managed political campaign: political polls, data processing,
imagery, and money. The polls discover what the voter al-
ready believes, and data processing interprets and analyzes
the d_g)th d voters attitudes. After that, an image of the
candidate is tailored to meet the voters demands and de-
sires, and the whole package is then sold by massive ex-
penditures of money In the advertising media, particularly
televison.

The candidate has become reatively unimportant as long

& he can be properly managed. The candidate must be
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bright enough to handle the materia furnished to him, but
not too intelligent, because there is dways the danger that
an intelligent candidate may come up with unpopular or
controversial ideas d his own, and thereby destroy a care-
fuléy contrived campaign strategy. [Excerpt from a public
address by Zolton Ferency, chairman and gubernatoria
candidateof the Democratic Party of Michigan, June1970.1

Probably this is an overstatement, but it conveys the
flavour of a great deal of contemporary politica propa-
ganda. Yet a dummy leader invented by an image mak-
er may not always be invulnerable to counterpropa-
ganda by a rea leader, if one should turn up. Even a
giant, expensive television campaign may not be able to
conceal from all reactors the differences between a dum-
my and a bona fide leader with high political skills—a
Franklin D. Roosevelt, for example, or a Jawaharlal
Nehru— whosevoice and gestures express a genuine and
spontaneous concern for public policy and a determina-
tion to "wear no man's collar," and who goesin for great
numbers of face-to-face appearances that demonstrate
that he hasno need for a voice coach and a makeup artist.

Selection and presentation of symbols. The propagan-
dist must realize that neither rational arguments nor
catchy slogans can, by themselves, do much to influ-
ence human behaviour. A reactor's behaviour is also
affected by at least four other variables. The first is the
reactor's predispositions— that is, his stored memories of,
and his past associations with, related symbols. These
often cause the reactor to ignore the current inflow of
symbols, to perceive them very selectively, or to rational-
ize them away. The second isthe set of economic induce-
ments (gifts, bribery, pay raises, threats of job loss, and
so forth) which the propagandist or others may apply in
conjunction with the symbols. The third is the set of
physical inducements (love, violence, protection from vi-
olence) used by the propagandist or others. Thefourth is
the array of social pressures that may either encourage or
inhibit the reactor in thinking or doing what the propa-
gandist advocates. Even one who iswell led and is predis-
posed to do what the propagandist wants may be prevent-
ed from acting by counterpressures within the surrounding
social systemsor groups of which heisapart.

In view of these predispositionsand pressures, the skilled
propagandist is careful to advocate chiefly those acts that
he believes the reactor already wants to perform and isin
fact able to perform. It isfruitless to call upon most peo-
pleto perform actsthat may involve a total lossof income
or terrible physical danger — for example, to act openly
upon Communist leaningsin atotalitarian fascist country.
T o call upon reactors to do something extremely danger-
ous or hard is to risk having the propaganda branded as
unrealistic. In such cases, it may be better to point to
actions that the reactor can avoid taking—that is, to en-
courage him in acts of passive resistance. The propagan-
dist will thereby both seern and be realistic in hisdemands
upon the reactor, and the reactor will not be left with the
feeling, "l agree with this message, but just what am |
supposed to do about it?"

For maximum effect, the symbolic content of propagan-
da must be active, not passive, in tone. It must explicitly
or implicitly recommend fairly specific actions to be per-
formed by the reactor ("buy this," "boycott that," “vote
for X, "join Group Y,” "withdraw from Group Z").
Furthermore, because the ability of the human organism
to receive and process symbols is strictly limited, the
skillful propagandist attempts to substitute quality for
quantity in his choice of symbols. A brief slogan or a
picture or a pithy comment on some symbol that isemo-
tion laden for the reactors may be worth ten thousand
other words and cost much less. In efforts to economize
symbol inputs, the propagandist attempts to make full use
of the findings of all the behavioral sciences. He draws
upon the psychoanalysts' studies of the bottled-up im-
pulses in the unconscious mind; he consults the elaborate
vocabulary counts produced by professors of education;
he follows the headline news to determine what events
and symbols probably are salient in reactors mindsat the
moment; and he analyzes the information polls and atti-
tude studies conducted by survey researchers.
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There is substantial agreement among psychoanalysts
that the psychological power of propaganda increases
with use of what Lasswell termed the triple-appeal princi-
ple. This principle states that a set of symbolsis apt to
be most persuasive if it appeals simultaneously to three
elements of an individual's personality—elements that
Freud labelled the ego, id, and superego. T 0 appeal to the
ego, the skilled propagandist will present the acts and
thoughtsthat he desires to induce as if they were rational,
advisable, wise, prudent, and expedient; in the same breath
he says or implies that they are sure to produce pleasure
and a sense of strength (an appeal to theid); concurrent-
ly he suggests that they are moral, righteous, and—if not
altogether legal---decidedly more justifiable and humane
than the law itself (an appeal to the superego, or con-
science). Within any social system, the optimal blend of
these components variesfrom individual to individual and
from subgroup to subgroup: some individuals and sub-
groups love pleasure intensely and show few traces of
guilt; othersare quite pained by guilt; few are continuous-
ly eager to be rational or to take the trouble to become
well informed. Some cautious individuals and subgroups
like to believe that they never make a move without pre-
analyzing it; othersenjoy throwing prudence to the winds.
There are also changes in these blends through time:
personalities change, as do the morals and customs of
groups. In large collectivities like social classes, ethnic
groups, or nations, the particular blends of these predis-
positions may vary greatly from stratum to stratum and
subculture to subculture. Only the study of history and
behavioral research can give the propagandist much guid-
ance about such variations.

A propagandist is wise if, in addition to reiterating his
support of ideas and policies that he knows the reactors
already believe in, he includes among his images a vari-
ety of symbols associated with parents and parent surro-
gates. The child lives on in every adult, eternally seeking
a loving father and mother. Hence the appeal of such
familistic symbolisms as "the fatherland," "'the mother
country," "the Mother Church,” "the Holy Father,"
"Mother Russia," and the large number of statesmen who
areknown as the " fathers of their countries." Also valu-
able are reassuring maternal figures like Queen Victoria
of England, the Virgin Mary, and the Japanese Sun God-
dess. In addition to parent symbols, it is usualy well to
associate one's propaganda with symbols of parent substi-
tutes, who in some cases exert a more profound effect on
children than do disappointing or nondescript parents:
affectionateor amiable uncles (Uncle Sam, Uncle H o Chi
Minh); lively aunts (la belle France, Britannia, the Span-
ish Communist leader La Pasionaria, and Kuan-yin, the
Chinese Goddess of Mercy); admired scholars and phy-
sicians (Karl Marx, Dr. Sun Yat-sen); politico-military
heroes and role models (Abraham Lincoln, Winston
Churchill, Mao Tse-tung, "'the wise, mighty, and fatherly
Stalin”); and, of course, saints (Joan of Arc, Mahatma
Gandhi, Martin Luther King, the Buddha). A talented
and well-symbolized leader or role model may achieve a
parental or even godlike ascendancy (charisma) and
magnify the impact of a message many times.

Mediaof propaganda. Thereare literally thousands of
written, audiovisual, and organizational media that a
20th-century propagandist might use. All human group-
ings are potential organizational media, from the family
and other small organizations through advertising and
public relations firms, trade unions, churches and temples,
theatres, readers of novels and poetry, special-interest
groups, political parties and front organizations to the
governmental structures of nations, international coali-
tions, and universal organizations likethe United Nations
and its agencies. From all thisvariety of media, the prop-
agandist must choose those few media (especially lead-
ers, role models, and organizations) to whose messages
he thinks the intended reactors are especially attentive
and receptive.

In recent years the communications revolution has
brought about a massive, worldwide proliferation of
school systems and of facilitiesfor news gathering, pub-
lishing, broadcasting, holding meetings, and speechmak-
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ing. At present, almost everyone's mind is bombarded
daily by far more media, symbols, and messages than the
human organism can possibly pay attention to. The mind
reels under noisy assortments of information bits about
rival politicians, rival political programs and doctrines,
new technical discoveries, insistently advertised commer-
cial products, and new views on morality, ecological hor-
rors, and military nightmares. This sort of communica-
tion overload already has resulted in the alienation of
millions of people from much of modern life. Overload
and alienation can be expected to reach even higher levels
in coming generations as still higher densities of popula
tion, intercultural contacts, and communication facilities
cause economic, political, doctrinal, and commercial ri-
valries to become still more intense.

Research has demonstrated repeatedly that most re-
actors attempt, consciously or unconsciously, to cope
with severe communication overload by developing three
mechanisms: selective attention, selective perception, and
selective recall. That is, they pay attention to only a
few media; they fail (often unconsciously) to perceive
therein any large proportion of the messages that they
find uncongenial; and, having perceived, even after this
screening, a certain number of unpleasing messages, they
repress these in whole or in part (i.e., cannot readily
remember them). The contemporary propagandist there-
fore tries to find out: (1) what formative experiences
and styles of education have predisposed his intended
audiencesto their current " media preferences”; (2) which
of all the publications, television shows, leaders, and role
models in the world they do in fact pay attention to; and
(3) by which of thesethey are most influenced. These top-
ics have thus become the subjects of vast amounts of
commercial and academic research.

In most cases, reactors are found to pay the most atten-
tion to the publications, shows, leaders, and role models
with whose views they already agree. People as a rule
attend to communications not because they want to learn
something new or reconsider their own philosophies of
life but because they seek psychological reassurance
about their existing beliefs and prejudices. When the prop-
agandist does get their attention by putting his message
into the few media they heed, he may discover that, to
hold their attention, he must draft a message that does
not depart very far from what they already want to be-
lieve. Despite the popular stereotypes about geniuses of
politics, religion, or advertising whose brilliant propagan-
daconverts the multitudes overnight, the plain fact is that
even the most skilled propagandist must usually content
himself with a very modest goal: packaging a messagein
such a way that much of it is familiar and reassuring to
the intended reactors and only a little is so novel or true
as to threaten them psychologically. Thus, revivalists
have an a priori advantage over spokesmen of a modern-
ized ethic, and conservative politicians an advantage over
progressives. Propaganda that aims to induce major
changes is certain to take great amounts of time, re-
sources, patience, and indirection, except in times of
revolutionary crisis when old beliefs have been shattered
and new ones have not yet been provided. | n ordinary pe-
riods (intercrisis periods), propaganda for changes, how-
ever worthy, islikely to be, in the words of the German
sociologist Max Weber, "a slow boring of hard boards."

For reasons just indicated, the most effective media as a
rule (for messages other than the simplest of commercial
advertising) are not the impersonal mass media like
newspapers and television but rather those few associa
tions or organizations (reference groups) with which the
individual feels identified or to which he aspires to relate
hisidentity. Quite often the ordinary man not only avoids
but actively distrusts the mass media or fails to under-
stand their messages; but in the warmth of his reference
groups he feels at home, assumes that he understands
what is going on, and feels that he is sure to receive a
certain degree of emotional response and personal pro-
tection. The foremost reference group, of course, is the
family. But many other groups perform analogous func-
tions—for instance, the group of sportsfans, the church,
the trade union, the alumni group, the clique or gang,

the Communist cell. By influencing the key members of
such a group, the propagandist may establish a "social
relay" channel that can amplify his message. By concen-
trating thus on the few, he increases his chances of reach-
ing the many — often far more effectively than he could
through a plethora of mass meetings, paid broadcasts,
handbills, or billboards and at much lower cost. There-
fore, one important stratagem involves the combined use
of mass media and reference-group channels— writing up
materials for such media as news releases or broadcasts
in ways designed specificaly to reach specified groups
(and especidly their elites and leaders): who can then re-
lay the messagesto other setsof reactors.

The reactors (audiences). The audiences for the prop-
agandist can be classified into: (1) those who are ini-
tially predisposed to react as the propagandist wishes, (2)
those who are neutral or indifferent, and (3) those who
are in opposition or perhaps even hostile.

As aready indicated, propaganda is most apt to evoke
the desired responses among those already in agreement
with the propagandist's message. Neutrals or opponents
are not apt to be much affected even by an intensive bar-
rage of propaganda unless it is reinforced by nonpropa-
gandistic inducements (economic or coercive acts) or by
favourable social pressures. These facts, of course, are
recognized by advocates of civil disobedience; their prop-
agandists would contend that sloganeering and reasoned
persuasion must be accompanied by sit-ins and other overt
acts of passive resistance; they aim for a new climate of
social pressure. These facts are also significantly recog-
nized by Communist regimes; by controlling all means
of production, they can offer great economic inducements
or threaten a man's livelihood, thus making him a very
attentive audience for propaganda. If these copressures
are applied too strongly, however, they may become so
distasteful to reactors that the associated propaganda will
backfire.

Measurement of the effectsof propaganda. The mod-
ern world is overrun with all kinds of competing propa-
ganda and counterpropaganda and a vast variety of other
symbolic activities, such as education, publishing, news-
casting, and patriotic and religious observances. The
problem of distinguishing between the effects of one's
own propaganda and the effects of these other activitiesis
often extremely difficult.

The ideal scientific method of measurement is the
controlled experiment. Carefully selected samples of mem-
bers of the intended audiences can be subjected to the
propaganda while equivalent samples are not. Or the
same message, clothed in different symbols— different
mixes of sober argument and *'casua" humour, different
proportions of patriotic, ethnic, and religious rational-
izations, different mixes of truth and the "noble lig"
different proportions of propaganda and coercion— can
be tested on comparable samples. Also, different me-
dia can be tested to determine, for example, whether
results are better when reactors read the message in a
newspaper, observe it in a spot commercial on television,
or hear it wrapped snugly in a sermon. Obviously the
number of possible variables and permutations in sym-
bolism, media use, subgrouping of the audience, and so
forth is extremely great in any complicated or long-
drawn-out campaign. Therefore, the costs for the re-
search experts and the fieldwork that are needed for
thorough experimental pretests are often very high. Such
pretests, however, may well save money in the end.

An alternative to controlled experimentation in the field
is controlled experimentation in the laboratory. But it
may be impossible to induce reactors who are truly repre-
sentative of the intended audience to come to the labora-
tory at al. Moreover, in such an artificial environment
their reactions may differ widely from the reactions that
they would have to the same propaganda if reacting un-
self-conscioudly in their customary environment. For these
and many other obvious reasons, the validity of labora-
tory pretests of propaganda must be viewed with the
greatest caution.

Whether in the field or the laboratory, the value of all
controlled experiments is seriously limited by the prob-
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lem of "dleeper effects.” These are long-delayed reactions  Some count symbols, some count headlines, some count
that may not become visible until the propaganda has themes (sentences, propositions), some tabulate the fre-
penetrated resistances and insinuated itself deepdowninto  quencies with which various categories of "events data™
the reactor's mind—by which time the experiment may  (newspaper accounts of actual happenings) appear in
have been over for a long time. Another problem isthat someor all of theleading newspapers (* prestige papers™)
most people acutely dislike being guinea pigs and also  or television programs of the world. Some of these events
dislike the word propaganda. If they find out that they are  data can be counted as supporting or reinforcing the
subjects of a propagandistic experiment, the entire re-  propaganda, some as opposing or counteracting it. What-
search program, and possibly the entire campaign of ever the methodology, content analysisin its more refined

propaganda of whichitisa part, may backfire. formsis an expensive process, demanding long and rigor-
Useof Another research device is the panel interview—repeat- ous training of well-educated and extremely patient cod-
interviews ed interviewing, over a considerable period of time, of ersand analysts. And there remains the intricate problem
and small sets of individuals considered more or lessrepre- of developing relevant measurements of the effects of
observa- sentative of the intended audiences. The object isto ob-  different contents upon different reactors.
tion tain (if possible, without their knowingit) a great deal of Countermeasures by opponents. Some countermea-

techniques information about their life-styles, belief systems, value  sures against propagandainclude simply suppressing it by
systems, media habits, opinion changes, heroes, role eliminating or jailing the propagandist, burning down his
models, reference groups, and so forth. The propagandist  premuses, intimidating his employees, buying him off, de-
hopes to use this information in planning ways to in-  priving him of his use of the mediaor the money that he
fluence a much larger audience. Panel interviewing, if needsfor the mediaor for necessary research, and apply-
kept up long enough, may help in discovering sleeper ing countless other coercive or economic pressures. Itis
effects and other delayed reactions. The very process of  also possible to use counterpropaganda, hoping that the
being "panel interviewed,"” however, produces an arti- truth (or at least some artfnl bit of counterpropaganda)
ficial environment that may induce defensiveness, suspi-  will prevail.
ciousness, and even attempts to deceive the interviewer. One special type of counterpropaganda is ' source expo-
For many practical purposes, the best means of measur-  surem-informing the audience that the propagandistisill
ing—or perhaps one had better say estimating—the informed, is a criminal, or belongs to some group that is
effects of propaganda is apt to be the method of extensive  sureto be regarded by the audience assubversive, thereby
observation, guided of course by well-reasoned theory undermining his credibility and perhaps his economic
and inference. " Participant observers" can be stationed support. In the 1930s there was in the U.S. an Institute
unobtrusively among the reactors. Voting statistics, mar-  for Propaganda Analysis that tried to expose such propa-
ket statistics, press reports, police reports, editorials, and ganda techniques as "glittering generalities” or ‘“name-
the speeches or other activities of affected or potentially  calling” that certain propagandists were using. This coun-
affected leaders can also give clues. Evidence onthe size, termeasure may have failed, however, because it wastoo

composition, and behaviour of the intermediate audi- intellectual and abstract and because it offered the audi-
ences (such as elites) and the ultimate audiences (suchas  ence no alternative leaderstofollow or ideasto believe.
their followers) can be obtained from these various In many cases opponents of certain propagandists have

sources and from sample surveys. The statistics of reader-  succeeded in getting laws passed that have censored or
ship or listenership for printed and telecommunications suppressed propaganda or required registration and dis-
mediamay be available. If the mediainclude public meet-  closure of the propagandists and of those who have paid
ings, the number of people attending and the noise level ~ them.
and symbolic contents of cheering (and jeering) can be Measures against countermeasures. |t is clear, then,
measured. Observers may also report their impressions of  that opponents may try to offset propaganda by taking
the moods of the audience and record comments over-  direct action or by invoking covert pressures or commu-
heard after the meeting. To some extent, symbols and  nity sanctionsto bring it under control. The propagandist
leaders can be varied, and the different results compared.  must therefore try to estimate in advance his opponents'
Useof Using methods known in recent years as content analy-  intentions and capabilities and invent measures against
" content sis, the propagandist can at least make reasonably depend-  their countermeasures. If he thinks that they will rely
analysis" able quantitative measurements of the symbolic contents  only on counterpropaganda, he can try to outwit them. If
of his own propaganda and of communications put out he thinks that they will withdraw advertising from his
by others. He can count the numbers of column inchesof  newspaper or radio station, he may try to get alternative
printed space or seconds of radio or television time that  supporters. If he expects vigilantes or police persecution,
were given to the propaganda. He can categorize and he can go underground and rely, as the Russian Commu-
tabulate the symbols and themes in the propaganda. To nists did before 1917 and the Chinese before 1949, pri-
estimate the implications of the propagandafor social pol-  marily on agitation through organizational media.
icy, he can tabulate the relative numbers of expressed or
implied demands for actions or attitude changesof vari- SOCIAL CONTROL OF PROPAGANDA
ouskinds. The 1970 edition of volume 1 of the Big Soviet Demoaocratic control of propaganda. Different sorts of
Encyclopedia, for example, had no pictures of Stalin; in  polities, ranging from the democratic to the authoritari-
the previous edition, volume 1 had four pictures. Did this an, have attempted a variety of social controls over prop-
mean that a new father figure and role model was being aganda. In an ideal democracy, everyone would be free Tpe
created by the Soviet propagandists? Or did it indicate a to make propaganda and free to oppose propaganda demo-
return to the cult of older father figuressuchasMarxand  habitually through peaceful counterpropaganda. The cratic
Lenin? If so, what were the respective father figures  democratic ideal assumes that, if a variety of propagan- ideal and
traits, considered psychoanalytically, and what are the dists are free to compete continuously and publicly, the propa-
political, economic, and military implications for Soviet ideas best for society will win out in the long run. This ganda
policy? outcome would require that a majority of the general
By quantifying his data about contents, the propagandist  populace be reasonably well-educated, intelligent, public-
can bring a high degree of precision into experiments spirited, and patient, and that they not be greatly con-
using different propaganda contents aimed at the same fused or alienated by an excess of communication. A
results. He can also increase the accuracy of hisresearch democratic system also presupposes that large quantities
on the relative acceptability of information, advice, and of dependable and relevant information will be inexpen-
opinion attributed to different sources. (Will given reac- sively disseminated by relatively well-financed, public-
tors be more impressed if they hear 50, 100, or 200times  spirited, and uncensored news gathering and educational
that a given policy is endorsed--or denounced—by the agencies. The extent to which any existing national socie-
president of the U.S., the premier of the USSR, or the ty actually conforms to this model is decidedly an open
pope?) question. That the world social system does not is self-
Very elaborate means of coding and of statistical analy-  evident.
sis have been developed by various content analysts. In efforts to guard against "pernicious" propaganda by
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hidden persuaders, modern democracies sometimes re
quire that such propagandists as lobbyists and publishers
register with public authorities and that propaganda and
advertising be clearly labelled as such. The success d
such measures, however, is only partial. In the U.S., for
instance, publishers of journals using the second-class
mails are required to issue periodic statements of owner-
ship, circulation, and other information; thereby, at least
the nominal owners and publishers become known— but
those who subsidize or otherwise control them may not.
In many places, paid political advertisements in newspa

persor on television are required to include the name of a
sponsor —but the declared sponsor may be a "dum-
my" individual or organization whose actual backers re-
main undisclosed. Furthermore, agents of foreign gov-
ernments or organizations engaged in propaganda in the
U.S. are required to file forms with the U.S. Department
of Justice, naming their principals and listing their own
activities and finances—but it is impossible to know
whether the data so filed are correct, complete, or sig-
nificant. In many Western industrial nations, similar
registrations and disclosures are required of those who
circulate brochures inviting investors to buy stocks and
bonds. This principle of disclosure, which appears o
useful with respect to foreign agents and securities
salesmen, is not often applied, however, to other media
of propaganda. (In the U.S. the disclosure of certain
types of political campaign advertisements and contribu-
tions is required, but the requirement is easily circum-
vented.) In many countries, clams made in propa
ganda (including advertising) about the contentsor char-
acteristics of foods and drugs and some other products
are also subject to registration and to requirements of
"plain labelling.” In some places, consumer research or-
ganizations, privately or publicly supported, examine
these claims rigorously and sometimes publish scientifi-
cally based counterpropaganda. Finally, there has been
an increase in laws and customs requiring that equal
space or time or a right of reply be rendered all major
contenders in political campaigns or even major spokes-
men differing on major issues of the day. In view of the
apparently massive effects and the certainly massive ex-
penses of political propaganda on television, there are
many movements afoot in democracies to limit expendi-
tures on campaign propaganda and to require networks
to give time free of charge for even the minor parties,
especialy in the weeks immediately preceding elections.
There have also been movements to require that political
propaganda be halted for a specified number of days be-
fore the holding of an election—the idea being that a
cooling-off period would alow voters to rest and reflect
after the communication overload of the campaign period
and would prevent politicians and their backers from
using last-minute slander and sensationalism.

Authoritarian control of propaganda. In a highly au-
thoritarian polity, the regime tries to monopolize for
itself all opportunities to engage in propaganda, and
often it will stop at nothing to crush any kind of
counterpropaganda. How long and how completely such
a policy can be implemented depends, among other
things, on the amount of force that the regime can mus-
ter, on the thoroughness of its police work, and, perhaps
most of all, on the level, type, and distribution of secular
higher education. Secular higher education invariably
promotes skepticism about claims that sound dogmatic or
are made without evidence; and if such education isof a
type that emphasizes humane and universalistic values,
an ignorant or unreasonable authoritarian regime is not
likely to please the educated for very long. If the educat-
ed engagein discreet counterpropaganda, they may inthe
end modify the regime.

World-level control of propaganda. One of the most
serious and least understood problems of social control
is above the national level, at the level of the world
social system. At the world level there is an extremely
dangerous lack of means of restraining or counteract-
ing propaganda that fans the flames of international,
interracial, and interreligious wars. The global system
consists at present of a highly chaotic mixture of demo-

cratic, semidemocratic, and authoritarian subsystems.
Many of these are controlled by leaders who are ill
educated, ultranationalistic, and religiously, racialy, or
doctrinally fanatical. At present, every national regime
asserts that its national sovereignty givesit the right to
conduct any propaganda it cares to, however untrue such
propaganda may be and however contradictory to the
requirements of the world system. The most inflam-
matory of such propaganda usually takes the form of
statements by prominent national leaders, often sensa
tionalized and amplified by their own international
broadcasts and sensationalized and amplified still further
by media in the receiving countries. The only major rem-
edy would lie, of course, in the slow spread of education
for universalist humanism. A first step toward this might
be taken through the fostering of an energetic and highly
enlightened press corps and educational establishment,
doing all it can to provide the world's broadcasters,
newspapers, and schools with factual information and
illuminating editorials that could increase awareness of
the world system as a whole. Informed leaders in world
affairs are therefore becoming increasingly interested in
the creation of world-level media and multinational
bodies of reporters, researchers, editors, teachers, and
other intellectuals committed to the unity of mankind.
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Propertius, Sextus

The most forceful of the Latin elegiac poets, Sextus
Propertius emerges from his poetry as a man with a
wonderful capacity for living, eager to embrace every
aspect of life and experience. Although best known for
its sensuousness, hiswork also reveals a deep understand-
ing of life's tragic underside: that there is sometimes
only a step between happiness and misery. He is often
self-absorbed and self-pitying, and his poetry can suffer
from an overdose of pathos, but these defects are largely
neutralized by his welcome sense of humour and, es-
pecially, by his poetic power and range of imagination.
Technically a very competent poet, his handling of the
elegiac couplet is unmistakable for its vigorous, mascu-
line rhythm.

Sextus Propertius was bornin or near Assisi, in Umbria,
between 55 and 43 Bc (most probably c. 50 Bc). Very few
details of hislife are known. Hisfather died when Proper-
tius was still a boy, but he was given a good education by
his mother. Part of the family estate was confiscated (c.
40 Bc) to satisfy the resettlement needs of the veteran
troops of Octavian, later the emperor Augustus, after the
civil wars. Propertius income was thus severely dimin-
ished, though he was never really poor. With his mother,
he left Umbria for Rome, and there (c. 34 Bc) he as-
sumed the dress of manhood. Some of his friends were
poets (including Ovid and Bassus), and he had no inter-
est in politics, the law, or army life. His first love affair
was with an older woman, Lycinna, but this was only a
passing fancy when set beside his subsequent serious at-
tachment to thefamous" Cynthia"" of hispoems.

Thefirst of Propertius' four books of elegies (the second
of which is divided by some editors into two) was pub-
lished in 29 Bc, the year in which hefirst met " Cynthia,"
its heroine. It was known as the Cynthia and also as the
Monobiblos because it was for along time afterward sold
separately from his other three books. Complete editions
of all four books were also available. Cynthia seems
to have had an immediate success, for the influential
literary patron Maecenas invited Propertius to his
house, where he doubtless met the other prominent liter-
ary figures who formed Maecenas' circle. These included
the poets Virgil (whom Propertius admired) and Horace
(whom he never mentions). The influence of both, espe-
cially that of Horace in Book I1I, is manifest in hiswork.

Cynthia's real name, according to the 2nd-century writer
Apuleius, was Hostia. It is often said that she was a
courtesan, but elegy 16 in Book | seems to suggest that
she belonged to a distinguished family. It islikely that she
was married, though Propertius only mentions her other
lovers, never her husband. From the poems she emerges
as beautiful, passionate, and uninhibited. She was in-
tensely jealous of Propertius own infidelities and is
painted as a woman terrible in her fury, irresistible in
her gentler moods. Propertius makes it clear that, even
when seeking pleasures apart from his mistress, he till
loved her deeply, returning to her full of remorse, and
happy when she reasserted her dominion over him.

After many violent scenes, it appears that Propertius
finally broke off his tempestuous affair with her in 24 Bc,
though inferring dates from the poems' internal evidence
cannot be undertaken with real confidence, as thiskind of
personal poetry often interweaves fact with fancy. He
was to look back on his liaison with her as a period of
disgrace and humiliation. This may be more than a mere
literary pose, although after Cynthids death (she does
not seem to have lived for long after their break) he
regretted the brusqueness of their separation and was
ashamed that he had not even attended her funeral. In a
most beautiful and moving elegy (1V:7), he conjures up
her ghost and with it recreates the whole glamour and
shabbiness of the affair. While he makes no attempt to
brush over the disagreeable side of her nature, he aso
makes it clear that he loves her beyond the grave.
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Propertius' poetic powers matured with experience. The
poetry of Book 11 isfar more ambitious in scope than that
of Book | and shows a richer orchestration. His reputa-
tion grew, and the emperor Augustus himself seems to
have taken notice of him, for, in Books III and |V, the
poet laments the premature death of Marcellus, Augus-
tus' nephew and heir apparent (111:18), and he composed
a magnificent funeral elegy (1V:11) in praise of Corne-
lia, Scribonia's daughter by her first marriage— the " Queen
of Elegies" as it is sometimes called.

As his poetic powers developed, so also did Propertius'
character and interests. In his earliest elegies, love is not
only his main theme but is almost his religion and philos-
ophy. It is still the principal theme of Book II, but he
now seems a little embarrassed by the popular success of
Book | and is anxious not to be thought of simply as a
gifted scoundrel who is constantly in love and can write
of nothing else. In Book II he considers writing an epic, is
preoccupied with the thought of death, and attacks (in
the manner of later satirists, such as Juvenal) the coarse
materialism of his time. He till loves to go to parties
and feels perfectly at ease in the big city with its
crowded streets, its temples, theatres, porticoes, and its
disreputable quarters. In a way he is a conservative snob,
in general sympathy with Roman imperialism and Au-
gustan rule; but heisopen to the beauties of nature and is
genuinely interested in works of art; though he disap-
proves of ostentatious luxury, he also appreciates con-
temporary fashions.

Some of his contemporaries accused him of leading a
life of idleness and complained that he contributed noth-
ing to society. But Propertius felt it his duty to sup-
port the right of the artist to lead his own life, and he
demanded that poetry, and art in general, should not be
regarded simply as a civilized way of passing the time. In
elegy 3 of Book 111 he gives deep meaning to the process
of artistic creation and emphasizes the importance of the
creative artist.

In Books 1T and 1V Propertius demonstrates his com-
mand over various literary forms, including the diatribe
and the hymn. Many of his poems show the influence of
such Alexandrian poets as Callimachus and Philetas.
Propertius acknowledges this debt, and his claim to be the
"Roman Callimachus," treating Italian themesin the ba-
roque Alexandrian manner, is perhaps best shown in a
series of elegies in Book 1V that deal with aspects of
Roman mythology and history, and were to inspire Ovid
to write his Fasti, a calendar of the Roman religiousyear.
These poems are a compromise between the elegy and
the epic. Book |V also contains some grotesque, realistic
pieces, two unusual funeral elegies, and a poetic letter.

Two of the lasting merits of Propertius seem to have
impressed the ancients themselves. The first they called
blanditia, a vague but expressive word by which they
meant softness of outline, warmth of colouring, a fine
and almost voluptuous feeling for beauty of every kind
and a pleading and melancholy tenderness: this is most
obvious in his descriptive passages and in his portrayal
of emotion. His second and even more remarkable quality
is poetic facundia,or command of striking and appropri-
ate language. Not only is his vocabulary extensive but his
employment of it is extraordinarily bold and unconven-
tional: poetic and colloquial latinity alternate abruptly,
and in his quest for the striking expression he frequently
seems to strain the language to the breaking point.

Propertius' handling of the elegiac couplet, and particu-
larly of the pentameter, deserves especial recognition.
It is vigorous, varied, and picturesque. In the matter of
the rhythms, caesuras, and elisions that it allows, the
metrical treatment is more severe than that of Catullus,
but noticeably freer than that of Ovid, to whose stricter
usage, however, Propertius increasingly tended (particu-
larly in his preference for a disyllabic word at the end of
the pentameter). An elaborate symmetry is observable
in the construction of many of his elegies, and this has
tempted critics to divide a number of them into strophes.

As Propertius had borrowed from his predecessors, so
his successors, Ovid above all, borrowed from him; and
graffiti on the walls of Pompeii attest his popularity in
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the 1st century Ap. In the Middle Ages he was virtually
forgotten; and since the Renaissance he has been studied
by professional scholars more than he has been enjoyed
by the general public. To the modern reader, acquainted
with the psychological discoveries of the 20th century,
the self-revelations of his passionate, fitful, brooding
spirit areof peculiar interest.

Almost nothing is known about Propertius' life after his
love affair with Cynthia was over. It is possible that he
married her successor in his affections (perhaps in order
to qualify for the financia benefits offered to married
men by the leges Juliae of 18 Bc) and had a child, for an
inscription in Assisi and two passages in the letters of the
younger Pliny (AD 61/62~c. 113) indicate that Propertius
had a descendant called Gaius Passennus Paulus Proper-
tius, who was also a poet. During his later years he lived
in an elegant residential area in Rome on the Esquiline
Hill. The date of his death is not certain, though he
was still alive in 16 Bc, for two events of that year are
mentioned in his fourth book, which was perhaps edited
posthumously.

Sextus Propertius is generally thought of as a difficult
poet, partly because of the uncertainty of many manu-
script readings, partly because of the often obscure myth-
ological allusions in which his work abounds. But such
allusions are not there for ornament; they are a kind o
emotional shorthand by which Propertius expresses his
deep insight into human nature. The mellifluous Greek
names, moreover, are skillfully woven into the rich
verbal pattern that, along with his sincerity, is one of his
outstanding characteristics.
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Property may be defined as an exclusive right to control
an economic good; itisthe name for a concept that refers
to the rights and obligations, privileges and restrictions
that govern the relations of men with respect to things of
value. People everywhere and at all times desire the pos-
session of things that are necessary for survival or valua
ble by cultural definition and that, as the result of the
demand placed upon them, become scarce. Customs as
well as legislation enforced by organized society control
the competition for, and guarantee the enjoyment of,
these desired things. What is guaranteed to be one's own
is, in a broad sense, property.

The word property isfrequently used indiscriminately to
denote not only objects of rights that have a pecuniary
content but also rights that persons have with respect to
things. Thus, lands and chattels are said to be property,
and rights, such as ownership, life estates, and easements,
are likewise said to be property. Accurate legal terminol-

ogy, however, usually reserves the use of the word proper-
ty for the designation of rights that persons have with
respect to things.

Not every thing is controlled by property rights, nor are
these rights themselves always governed by the law of
property. Legislation, doctrine, or jurisprudence in vari-
ous lega systems defines the things that can become ob-
jects of property rights. In most legal systems. including
common law jurisdictions and systems o the French
family, the word things applies to both physical objects
and intangibles. In legal systems following the model of
the German Civil Code, such as the Japanese system, the
word things applies only to corporeal objects that are
susceptible to appropriation. | n these systems, intangibles,
such as rights and obligations, are not things nor are they,
technically, objectsof property rights. Accurate definition
of the word things is indispensable because only things in
the legal sense can be objects of property rights.

With respect to things, persons may have a variety of
rights, some of which confer a direct and immediate au-
thority over athing whereas others merely confer the possi-
bility of enjoyment through the intervention of another
person. An owner and a lessee, according to appearances,
for example, seem to have the use and enjoyment of a
house in much the same way. But technically the owner
has a direct and immediate authority over the house; the
lessee has a right against the owner of a house to let him
enjoy the house. All rights with respect to things, if they
are susceptible to monetary evaluation, are property in
the sense that they are guaranteed by the legal order and
form part of a person's patrimony. But only rights that
confer adirect and immediate authority over a thing are
governed by the law of property.

For the purposes of this article, thelaw of property may
thus be defined as a branch of private law that deals with
rights conferring a direct and immediate authority over
things. This definition of the domain of property law dis-
tinguishes it from other branches of private law, namely,
from the law of persons, the law of contracts or conven-
tional obligations, the law df torts, the law of family, and
the law of successions. These branches deal with relations
that may, and frequently do, give rise to property rights.
Because of their origin and purpose, however, these prop-
erty rights are often subject to specia rules outside the
law of property.

Thearticle contains thefollowing sections:

1. Historical developmentd property rights

Property rightsin differenttypesof societies
Primitive and nomadicsocieties
Agricultura societies
Urban societies

Acquistiond property rights
Origina acquisition

T I?jerlvativeacquri]s'ti on
II. Typesd property rights

Ownermﬁ)er
Varigties of owners
Legd distinctions between movable (personal) and

immovable (real) property
Legd distinctions between tangible and intangible
proj

Temporal divison d ownership
Common law: estates
Civil law

Ownershipfor the benefit of others: trusts as property

atlon df management and beneficial enjoyment

Obligations of trustees
Vesting of titles

Redtrictions on the ownership o property
Limitationson what may be owned
Rightsd statesto property
Limitations on uses o property

Socid consa1yencesd property rights
Political effects
Economic effects
Effects on social stabil @/
Effectson initiative and production

I. Historical developmentd property rights

Property rights have developed along with the social or-
ganization of mankind. As a legal institution, private
property has been known in ancient and even primitive
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legal systems; as a social fact, private property has been
observed in the most primitive societies, tribes, clans, or
other groups. Of course, definitions of what constitutes
property, and attitudes toward property rights, vary with
different cultures and different historical periods.

PROPERTY RIGHTS IN DIFFERENT TYPES OF SOCIETIES

Primitive and nomadic societies. From a partial study
of primitive groups and cultures, the German philosopher
Friedrich Engels (1820-95) advanced his political rather
than scientific thesisthat the most primitive form o social
and economic organization was that of communism, and
this thesis is still expounded today. Modern research has
shown, however, that such simple labels as communis-
tic or individualistic are not adequate for the complex
scheme of privileges and duties that characterize the rela-
tions between individuals and the primitive community
with respect to things. It istrue, of course, that theinstitu-
tions of primitive societies often show a much closer rela-
tionship between the individual and his group than they
do in Western cultures, and they show agreater readiness
to yield to the claims of the group. Among hunting or
fishing tribes, the community may have the cverlordship
of hunting grounds, of fishing vessels, and even o dwell-
ings or of any domesticated animals, although individual
claims and privileges are not excluded. At the same time,
private property isclearly recognized in weapons, articles
of clothing, and ornaments, Individual claims and privi-
leges to other things, such as hunting grounds, are often
accompanied by specified duties and responsibilities to-
ward the things and the community. Nowhere has there
been discovered an irrational or undifferentiated absorp-
tion of theindividual into the group.

In nomadic societies, property rights are distributed
among the tribe, clans or families, and the individual
members. Individual property rights are largely confined
to chattels, especially weapons, utensils, and ornaments.
Domesticated animals, ceremonial items, and medicine
bundles manifesting the possession of supernatural pow-
ers may be the objects of either tribal, family, or individ-
ual property rights, depending on the economic conditions
and social structure of each community. When land is
plentiful and when the whole system of husbandry is
based on roaming about large tracts of land, thereis no
reason to carve out individual plotsfor permanent occu-
pation and use. Even with the appearance o agriculture,
territorial rights remain for some time vested in the com-
nunity or in clansand families.

Agricultural societies. In developed agricultural socie-
ties, in addition to property rights in chattels, there are
well-defined property rights in land, which, by virtue of
cultivation, become a most important economic good.
Rightsinland, at any historical stage, may be vested in the
community, in clans or families, and in individual mem-
bers with a varying degree of intensity. It would be dan-
gerous to generalize from a number of observed types of
social and economic organization and to project conclu-
sions as to the most prevalent form of property rights in
land, namely, as to the communal, family, or individual
ownership of the soil. Vestiges of communal tenure have
been observed in various partsof the world, ranging from
exclusive control to mere supervision of the use of lands
by families or individuals. Clan, family, and individual
rights to the exclusive use of parcels of land, subject to a
variety of obligations and responsibilities, have also been
observed. The intensity of individual claims to the ex-
clusive use and enjoyment of lands, and of attendingduties
and responsibilities, may vary with each society, but one
may assert with a degree of certainty that the phenome-
non of individual property rightsin lands appeared for
thefirst timein theframework of agricultural societies.

Urban societies. |n urban and commercial societies, as
exemplified by ancient Greek and Roman communities,
family and individual property rightsin lands and chattels
tend to become the rule. Vestiges of communal tenure
within the tribe are scarce in the case of Greek and Ro-
man communities, because the culture of these peoples
developed in connection with towns surrounded by small
plots of intensive cultivation. Individual ownership of
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lands and chattels achieved the status of an exclusive right
in ancient Greek communities and that of dominium, an
absolute right of ownership, in Rome.

In the long history of property law in Western civiliza-
tion, simple and unencumbered ownership was known
almost exclusively at the beginning and end of the Roman
period and. again, after the French Revolution. In the
Middle Ages, lands in western Europe were subjected to
feudal tenures, namely, to a regime of division of owner-
ship into perpetual interests of landlords and tenants.
Landownersretained the ownership of lands, but they did
not have possession. Originaly land reverted to the land-
owner on the death of the tenant, to be redistributed at
the landowner's will, but by the 9th and 10th centuries
tenants began to hold lands by virtue of a perpetual and
heritable right of enjoyment even though they did not
have ownership. At the end of the feudal period (12th and
13th centuries), the nature of the tenant's interest came
to be identified as true ownership, although it remained
subject to a tax or relief in favour of the former landlord
at the time of inheritance. Although feudalism in the strict
sense ceased to exist, some perpetual tenures and land
reliefs continued to exist in France until the beginning of
the Revolution, and in Prussia until almost the same
time. Since that time, the only right of ownership recog-
nized in the legal systems belonging to the French family
has been full ownership corresponding to the dominium of
the early Roman law. Analogous developments took
place in most parts of continental Europe where feudal-
ism had prevailed. In the United States, tenures have been
largely abolished by statutes declaring all land to be al-
lodial (freely held, without obligation to another); and in
American jurisdictions in which tenures may be said to
have survived, the only incident of tenureis escheat (prop-
erty that reverts to the state if thereis no one competent to
inherit it). In England, reform legislation designed to sup-
press the few remaining vestiges of feudal law was enacted
in 1925.

Neither codification of the law of property in civil law
jurisdictions nor reform legislation in common law juris-
dictions has hindered further evolution. Modern legislation
and judicial practice in the Western world and countries
with comparable or derivative systems exhibit a tendency
toward a limitation of the intensity of ownership in the
interest of all and, at the same time, toward extension of
ownership to new forms of wealth. These developments in
contemporary systems tend to indicate that ownership is
not an absolute right but involves, rather, social aswell as
individual responsibilities. The right of ownership does
not confer today, asit did in the feudal period, political,
social, and economic privileges. Yet the possession of
wealth still exerts much de facto power in society. | n spite
of limitations, ownership allows considerable freedom
for the satisfaction of purely private interests and en-
dows the owner with a type of limited sovereignty.

In Socialist countries, the institutions of property under-
went drastic changes. Traditional concepts were sup-
pressed, and new kinds of property rights emerged In
conformity with Marxist philosophy. Property in Social-
ist countries is fundamentally divided into goods of pro-
duction and goods of consumption and into personal
property, cooperative property, and Socialist property.
Superficial comparison between these divisions and prop-
erty institutionsin the Western sense, without reference to
underlying basic economic, political, and social philoso-
phy, would be both misleading and inaccurate.

AcQuIsITION OF FROFERTY RIGHTS

Property rights may be acquired in a variety of ways: by
the occupancy of thingsthat belongto no one, by transfer
from a previous owner or even by a nonowner, by opera-
tion of law, by the effect of judgments, and by acts of
public authorities. For systematic purposes, distinction
may be made between original and derivative acquisition
of property rights. An original acquisition involves the
creation of new property right; it is independent of any
pre-existing rights over the same thing. A derivative ac-
quisition involves atransfer of a pre-existing right from
one person to another.
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The distinction between the two modes of acquisition of
property rights is important in the light of the maxim,
prevailing in most legal systems, that no one can transfer
a greater right than one has. This means that, ordinarily,
the transferor must be owner and must transfer the prop-
erty asit may be burdened with rights of third persons. In
a number of contemporary legal systems, the scope of the
maxim has been narrowed by exceptions. Thus, under the
laws of France and Germany, property rights in movables
that are neither lost nor stolen may be transferred by a
nonowner to a good-faith purchaser for value. In Ameri-
can jurisdictions, analogous results have been reached by
a so-called bona fide (good-faith) purchaser doctrine.
Lands, as a rule, must be transferred by the true owner;
yet, by way of exception, a good-faith purchaser may be
protected in several legal systems if he has relied on en-
triesin land registers or other public records. These prob-
lems do not arise in cases of original acquisition of prop-
erty rights.

Original acquisition. Thereisavariety of original modes
of acquisition of property rights. For the purposes
of this article, attention may be focussed on occupancy,
finding, accession, acquisitive prescription, expropriation,
and the establishment of property rights by acts of public
authorities.

Occupancy. Occupancy — hamely, the taking of posses-
sion of things that belong to no one—is perhaps universal-
ly recognized. In Roman law things without owner be-
came the property of the first possessor. I n contemporary
legal systems, this mode of acquisition of property rights
islargely limited to movable things, such aswild animals,
birds, fish, and abandoned chattels. In times past, lands
could also be acquired by mere occupancy or cultivation
in various parts of the world; today, however, as a rule,
the acquisition of property rightsin landsis subject to li-
cense or grant by the state, which is supposed to hold title
to all unclaimed lands. Akin to occupancy is the finding
of lost things and the trove of atreasure. Lost things have
an owner, but laws in various jurisdictions ordinarily at-
tribute ownership to the finder after the lapse of a certain
period of timeor upon the completion of certain formali-
ties, such as advertisements or reports to the authorities.
Likewise, laws provide for the apportionment of a trea
sure trove between the finder and the owner of the proper-
ty in which the treasure was hidden.

Accession. Accession is another broadly recognized
mode of acquisition of property rights. It is based on the
principle that the ownership of a thing, either movable or
immovable, carries with it the right to whatever the thing
produces and to certain other things that are united with
it, whether naturally or artificialy. Thus, the fruits of
the earth, whether spontaneous or cultivated, and the in-
crease of animals belon%to the owner by right of acces-
sion. The ownership of the land carries with it the owner-
ship of all that is directly above and under it, unless the
contrary is established by provision of law or contract;
therefore, buildings and other constructions erected by
trespasserson the land of another become the property o
the landowner. Detailed provisions in various lega sys
tems deal with accession to movables, which, apart from
the increase of animals, ordinarily takes place in cases of
joining materials belonging to different owners; mixing
grainsor fluids; and, in cases of production of new things,
bestowing labour on the materials of another person.

Acquisitive prescription.  Acquisitive prescription, aciv-
il law method of acquisition, is predicated on the posses
sion of a thing over a designated period of time with the
intention to own it. Acquisition of property rightsin im-
movables ordinarily requires alonger period of possession
than the acquisition of property rights in movables. The
required period of time may also vary with the nature of
possession: a good-faith possessor ordinarily acquires
property rightsin a shorter period of time than a bad-faith
possessor. |n common law jurisdictions, the institution of
"adverse possession” performs the same function as ac-
quisitive prescription. Technically, adverse possession ex-
tinguishes the right of the previous owner and bars his
remedy against the possessor; it does not confer title upon
the adverse possessor. 1 n al legal systems today, however,

those in adverse possession are equally well protected and
are able to transfer their rightsto their heirsor administra-
tors and such.

Expropriation. Expropriation of property for purposes
of public utility, with or without compensation, is known
in all contemporary legal systems. Even when made with-
out compensation, expropriation isdistinguished from con-
fiscation, the taking of property by the authorities arbi-
trarily or as a penalty for the violation of law. Ordinarily,
constitutional provisions and other legislative texts insist
upon notice and the payment of an adequate, fair, or just
compensation to the owner for the expropriation to be val-
id. In effect, expropriation is made in favour of the state,
its political subdivisions, or private utilities enjoying the
so-called power of eminent domain because of the services
they render to the general public. The possibility o expro-
priation in al legal systems indicates that property rights
are not absolute.

Privileges conferred by public authorities. Finally, an
original acquisition of property rights occurs when public
authorities confer upon certain persons entirely new eco-
nomic privileges or recognize privilegesthat had existed in
fact but not in law. Examples are grants of property rights
to lands of the public domain, including ownership and
rightsfor the exploitation of mineral resources; grantsfor
the exploitation of natural resources, such as hydroelec-
tric energy or radio waves; and patents, registered designs,
trademarks, trade names, and copyright, which form so-
called industrial or intellectual property. (Materia on these
subjects can be found in thefollowing articles: coPYRIGHT
LAW; TRADEMARK LAW; PATENT LAW.)

Derivative acquisition.  All legal systemsestablish meth-
ods for the acquisition of property rights by transfer
from a previous owner. The transfer may be voluntary, as
in the case of a last will and testament or an agreement
between the previous owner and the transferee; it may be
involuntary, asin the case of ajudicial sale; or it may take
place by operation of law, as in the case of intestate
succession.

Sale.  One of the most prevalent modes of acquisition
of property rights is by the contract of sde. A sale in-
volves the transfer of a thing for a sum of money or the
promise of a sum of money; if the transfer is for some-
thing other than money, the transaction is technically
designated as exchange. In legal systems of the French
family and in common law jurisdictions, the contract of
sale transfers the ownership of the things sold. Insofar as
third persons are concerned, however, transfer of owner-
ship may depend on delivery of movables or the recording
of the title of immovables. In Roman law and in systems
following the German Civil Code, however, the contract
of sale merely involves a promise to transfer the peace-
able possession of the thing sold; the actual transfer of
property rights may depend on delivery or on compliance
with certain formalities. In most legal systems, contracts
o sale are free of any formalities and may be based on
verbal agreement, but the rules of evidence may exclude
the proof of certain verbal contracts if the object exceeds
a specified value. Moreover, in most contemporary sys-
tems, the sale of immovable property must be recorded,
either for its validity against third persons or for the
actual transfer of rights.

Donation. Another prevalent mode of acquisition of
property rightsis by donation. Donations may beinter vi-
vos, intended to take effect while the donor and the
donee are living, or mortis causa—that is, in contempla-
tion of death. Donations of all sortsare ordinarily subject
to strict requirements of form intended to ensure that
their execution and the intent of the donor are genuine.
Mortis causa donations are ordinarily contained in last
willsand testaments, which must be executed everywhere
in strict compliance with the requisite formalities. Formal
requirements are usually dispensed with in casesin which
the possession of tangible movables is transferred to the
donee. Asin the case of sales, the transfer of property
rights may be effective as between the donor and the
donee upon completion of a donation or it may require
for its effect the delivery of movables and the recording
of necessary documents.
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Judicial Sale. Anothe: prevalent mode of uisition
of property rights is by judicial sale. Judicial sales take
placein a variety of circumstances, such asin cases when
the property of an insolvent debtor is seized and sold for
the satisfaction of his creditors, when property issold by
the stateor by its political subdivisionsfor the payment of
tax claims, when property is judicialy partitioned among
co-owners, or when inherited property or that of a minor
is sold by an administrator or tutor. Provisions of law
ordinarily establish the requisite formalities and rules of
substance for the validity of ajudicial sale. Asaderivative
mode of acquisition, the judicia sale transfersto the ac-
quirer only the property rightsthat the previousowner had.

Intestate succession. Finally, derivative acquisition of
property rights takes place by operation of law in cases of
Iintestate succession; that is, when a person dies without
leaving a will. Rules of law in developed as well as primi-
tive legal systems determine which rights are heritable
and specify the order of succession, which varieswith the
culture and the structure of society. In Socidlist legal
systems, the devolution of property by inheritance tends
to be restricted. In most other modern legal systems,
death taxes have, to some extent, restricted the devolution
of large fortunes, but the right of inheritance remains one
of the fundamental preceptsof law. In civil law systems,
the legal heirs of a deceased person are supposed to con-
tinue the " personality" of the deceased and to succeed to
all of hisrights and obligations that are considered to be
heritable. Moreover, certain close relatives—whether de-
scendants, ascendants, or a surviving spouse—are entitled
to aforced share of the estate, even against the will of the
deceased. In common law systems, the property of an
intestate isplaced under the authority of an administrator
who pays all debts and charges and who puts the legal
heirs into possession upon completion of the administra-
tion. Although the concept of aforced shareisforeign to
common law, the children and surviving spouse share the
estate-of one who dies intestate. Modern legidation in a
number of common law jurisdictions has also granted the
spouse a right to elect what the law would alow her in
the case of intestacy rather than accept the provisions of
an unfavourable will.

II. Typesof property rights

OWNERSHIP

The rights of individuals, groups of individuas, or other
entities, for the exclusive enjoyment of economic goods
may be designated as rights of ownership. The word own-
ership has a precise technical meaning in most legal sys-
tems and, especialy, in civil law countries. It is seldom
used in the professional literature of English law and most
common law jurisdictions, though in the United States
ownership isfrequently used synonymously with proper-
ty. In this article the word ownership will be used in a
broad sense to designate rights for the exclusive enjoy-
ment of economic goods.

Rights of ownership may be classified according to a
variety of criteria. From the viewpoint of the subjects of
these rights—that is, the personsor entities that hold them
—rights of ownership may be distinguished according to
whether they are held by individuals, by tribes and clans,
by family groups, by collectives and cooperatives, by un-
incorporated associations, by corporations, or by thestate
and public corporations. Each right of ownership in this
respect may have peculiar characteristicsof itsown.

Varietiesof owners. Ownership by individuals. Own-
ership by individuals has been recognized by all socie-
tiesand at all times, although the scope, extent, and inci-
dents of individual claims have varied with the culture
and structure of each society. Moreover, variations have
been common with respect to the objects that may be
owned by individuals. For example, individual ownership
of lands or of other means of production may be ex-
cluded, but individual ownership of chattels may be al-
lowed.

In developed legal systems, ownership may be vested
in a single individual, in which case one speaks o indi-
vidual ownership purely and simply; or it may be vested
in a number of individuals, in which case one speaks of
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individual co-ownership. Co-ownership has been recognized
from early times, and, in a sense, the ownership of lands
and chattels by tribes, clans, or other groups, may be re-
garded as a form of co-ownership. But it was in ancient
Rome that the institution of co-ownership by individuals
assumed certain typical characteristics that survive in
contemporary legal systems.

I'n civil law systems, the share of each individual co-own-
er isadistinct right of property; it givesrise to aclaimfor
the proportional use or enjoyment of the thing held in
common; it is freely disposable unless there is an agree-
ment to the contrary; and the share of each owner de-
volves to his legal heirs or legatees at death. The rights
and obligations of the co-owners are ordinarily deter-
mined by directly applicable provisionsin civil codes. If
one co-owner wishes to sell his part of a thing held in
common, as distinguished from selling individual shares,
consent of all the co-ownersisordinarily required, unless,
of course, the law or contractual provisions establish a
different rule. Co-ownership is essentially voluntary;
thus, ordinarily co-ownershave the right to demand parti-
tion of the thing held in common, whether in kind or by
judicial sale.

In common law jurisdictions, the institution of co-owner-
ship may assume either the form of an ownership in
common, corresponding to the civil law notion of co-own-
ership, or the form of joint ownership, which is an origi-
nal common law institution. The difference between the
two forms of co-ownership depends upon the manner in
which an individual interest devolves upon the death of a
co-owner. If an owner in common dies, hisshare passesto
his successors, whether by will or on an intestacy; but if a
joint owner dies, his interest accrues to the remaining
owners, so that when all owners but one are dead the
survivor becomes the sole owner.

Ownership by tribesand clans. In tribal societies, own-
ership by individualstendsto belimited to certain chattels
only. Apart from cultural, geographical, and historical
variations, the exclusive control of lands and of .most
chattels is vested in the tribal community. Tribes on the
move and tribes engaged in agriculture as an occasional
pursuit have been known to assign lands to clans or kin-
dreds for temporary occupation. In a more settled state of
society, portions of thetribal territory may be assigned for
permanent occupation, but occasional redistributions of
land indicate that the overlordship remains vested in the
tribe. Once a tribe is fully settled, there is frequently a
gradual transition from tribal communalism to clan or
kindred communalism; that is, transfer of the ownership
of landsfrom the tribe to the clans or kindreds.

Vestiges of tribal and of clan ownership persisted in
most European countries in the form of the open-field
system, until enclosures put an end to it in relatively
modern times. This system was based on the idea that the
ownership of land was vested in the collective body,
which was charged with the duty to see that every individ-
ual or household would have the means and opportunity
for profitable labour. Survival of tribal custom may still
be observed in isolated parts of the continent in the form
of village ownership of pasturesand forests.

Ownership by family groups. Ownership by family
groups is predicated on the existence of an "extended"
family —afamily of many blood relatives— that tends to
curtall individual interestsin order to preserve the unity of
the household. Extended family arrangements have been
prevalent in India, where they continue to exist today;
extended-family arrangements were known to exist
among the southern Slavs in the Balkan Peninsula up to
the first part of this century, and comparable institutions
have been observed in the early history of the Germans,
the eastern Slavs, and certain Romance nations.

Since Indian family ownership containsfeatures that dis-
tinguish it from property institutions of the Western
world, mention of these features is appropriate here. Ordi-
narily the property of an extended family in India is
owned by the body of the members. The head of the
family has merely the management of the propeity rather
than title to it. When the head o the family dies, the
members may not be said to be heirs, because they do not
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take property that did not already belong to them. The
only change is that the family is reduced in size, a result
that would also follow the death or departure of a junior
member. According to some local customs, the head o
the family may be regarded as nominal owner of the
property, but even in this case the ownership of the head
of thefamily is subject to stringent collective control s that
exclude the idea of individual ownership in the Western
sense.

The rights of individual members may be described as
undivided shares in the whole of the family property. In
principle, shares are assigned to members in the light of
their relative seniority and are given to branches of the
family rather than to individuals. Members of junior gen-
erations may not get their shares until the death of their
parents, who, as long as they live, represent the whole
branch.

Since ordinarily the head of the family is manager rather
than owner of the family property, his acts are supervised
and at timesoverruled by the body of members. Asarule,
alienation or encumbrances such as saes or mortgages
require the consent of all members.

The purpose of the institution of family ownership isto
secure the means of subsistencefor all of the members of
the extended family. Asa consequence, the membershave
a right of maintenance that is quite alien to Western
views: weaker membersof thefamily are given the means
of support without regard to their contribution of labour;
spinsters are provided with a dowry; and children are
given the means of education. To achieve these ends, the
family sets aside a certain amount of the property or its
income and does not allow such fundsto be used for other
purposes. The beneficiaries, however, have no direct prop-
erty interest in the funds; their position, in effect, is simi-
lar to that of beneficiaries of charitable institutions.

Family ownership does not preclude individual owner-
ship. In certain circumstances, family ownership may be
converted into individual ownership by dividing the assets
among the individual members. Moreover, in the frame-
work of any extended family, there may be a distinction
among objects belonging to individual members (as a re-
sult of their personal labours) and objects belonging to the
family community asawhole.

Ownership by collectives and cooperatives. Property
owned by collectives and cooperatives is found in primi-
tive as well asin developed legal systemsand in capitalis-
ticas well asin socialistic countries. Since the beginning of
the 19th century, this type of property has proliferated
as a result of pronounced movements toward collectivism
and cooperation.

In capitalist countries, collectives and cooperatives are
associations of individuals, such as farmers, labourers,
consumers, home owners, or small entrepreneurs, formed
for the pursuit of some productive enterprise, the benefits
of which are to be shared in accordance with the capital
or labour contributed by each member. The rights and
obligations of members may be specified in contractual
provisions or in legislation. Although these associations
are ordinarily formed voluntarily, there are instances in
certain countries where they may be formed under lega
compulsion. I n the United States during the 20th century,
the most common type of cooperatives have been formed
for the production and distribution of electricity in rural
areas and for the building and enjoyment of apartment
unitsin metropolitan areas.

In Socialist countries, collectives and cooperatives of a
variety of sortsflourish as realizations of Marxist theory
under the protection or under the compulsion of law. In
Socialist countries, the property of cooperatives exists
alongside personal property and property belonging to the
state. The prime example of cooperative property in the
U.S.S.R. is that of the kolkhozes, or collective farms,
which have the perpetua right of enjoyment of state
lands. The kolkhozes must be organized and administered
in strict compliance with legislation; they are bound to
cultivate or exploit the lands assigned to them in certain
designated ways and to give certain payment to the state;
and in this respect they differ from corresponding institu-
tionsin capitalistic countries.

Ownership by unincorporated associations. According
to the Roman law tradition, rights of ownership, asindeed
any rights and obligations, may exist only in those entities
possessing legal personality. Such entities are living hu-
man beings (natural persons), associations of human
beings, and foundations established for the realization of
a genera interest (juristic persons). The state and its polit-
ical subdivisions, profit and nonprofit corporations, and
partnerships are examples of associations capable of pos-
sessing legal personality and of owning property. Hospi-
tals and charitable institutions are examples of founda-
tions likewise capable of possessing legal personality and
of owning property.

Unincorporated associations formed for the pursuit of
vocational, artistic, scientific, or religious purposes may or
may not possesslegal personality depending on applicable
laws and on compliance with required formalities. If they
do not possesslegal personality, they cannot hold proper-
ty in their own name; their property belongs directly to
the members of the association and is usualy held in
undivided shares. If they possess legal personality, they
have property of their own that is distinct and distinguish-
ablefrom the individual property of the members.

Ownership by corporations. Corporations are juristic
persons—that is, artificial entities formed by human
beingsto which the law attributes legal personality for the
pursuit of social and economic purposes. They have no
physical existence, but, as persons, they participatein le-
gal life and are capable of holding property in their own
name. There are various sorts of corporations. private
and public, secular and religious, and profit and nonprofit
corporations.

The proliferation of corporations since the 19th century
has been said to reflect, throughout the world, a move-
ment from the individual ownership of capital to the
collective ownership of capital. This movement has been
observed in capitalist countries, in which wealth tends to
be concentrated in the hands of private corporations, as
well asin Socialist countries, in which wealth is concen-
trated in the hands of the state and other public corpora-
tions.

The corporate device alows for a clear distinction be-
tween the property of the corporation and the property of
a shareholder. Technically, no one owns the corporation,
which has an independent existence of its own. A share
merely represents a fractional interest in the property of
the corporation and confersa corresponding interest in its
administration, and even when all shares are concentrated
in the hands of asingle person, thereisstill a clear distinc-
tion between the property of the corporation and the
property of the sole owner of its shares. When incorpora-
tion is completed, the individual property of a shareholder
is completely insulated from the risks of the corporate
enterprise. Creditorsof the corporation may not take the
property of a shareholder for the satisfaction of their
claims, nor may creditors of the shareholder take the
corporate assets. The only risk that a shareholder assumes
isthat represented by the amount of hisinvestment in the
corporation, and it isonly his own shares that constitute
property that may be seized by his own creditors.

Ownership by state and state corporations. In all legal
systems, the state and its political subdivisions are politi-
cal corporations that have the capacity to own property.
This property may be of two sorts: public property (such
as navigable waterways, national parks, and monuments),
which is ordinarily inalienable and is held in trust for the
benefit of all citizens, and private property (such as state-
owned enterprises and buildings housing various agen-
cies), which does not differ in essence from property held
by private persons.

In modern times, states have asserted ownership over a
variety of things that previously were considered to be
without owner, such as running waters and wild animals.
This form of state ownership, asserted in an effort at
conservation of natural resources, confers mainly admin-
istrative advantages and prevents the private appropria-
tion or ownership of certain assets of society except under
regulations that protect the social interest.

In socialist countries, lands, industrial capital, and vari-
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ous servicefields are ordinarily owned by the state and its
political subdivisions to the exclusion of private interests.
In capitalist countries, the state and its political subdivi-
sions may enjoy certain economic monopolies and may
directly own a variety of enterprises whether in competi-
tion or in cooperation with private interests. Moreover,
the state and its political subdivisions may undertake eco-
nomic activities through a variety of public corporations.
Thus, for example, postal services, telecommunications,
and the exploitation of hydraulic energy may be in the
hands of public corporations. In recent times, there has
been much experimentation toward the development of
public corporations with the cooperation of private capi-
tal; the state may preserve the control and administration
of a public corporation in aservicefield, but the profits of
the enterprise may be shared by private shareholders.

Legal distinctions between movable (personal) and im-
movable (real) properly. In civil law systems, in mixed
jurisdictions, and in Scandinavian countries, things are
divided into movables and immovables, a division that
was also known in ancient legal systems. In common law
jurisdictions, property (rather than things) isdivided into
personal property and red property (realty), but these
terms may be taken as roughly equivalent to the civil law
notions of movables and immovables. In socialist legal
systems, the traditional divisions of things into movables
and immovables tends to be suppressed. In the U.S.SR,,
thisdivision has been expressly discarded and replaced by
new classifications reflecting prevailing economic and po-
litical theory. The significance of the division o things
into movables and immovables lies primarily in the fact
that specia rules of property law apply to the various
categories of things classified as immovables. Almost uni-
versaly, the acquisition, possession, transfer, or encum-
brance of immovables is subject to rules of property law
that are materially different from those governing mov-
ables. Moreover, immovables may be subject to special
rulesin thefields of obligations and contracts, family law,
successions, civil procedure, taxation, crimina law, and
conflict of laws.

The rules of property law applicable to immovables
tend, on the one hand, to delimit narrowly individual
rights in this type of wealth and, on the other hand, to
enhance security of title. In modern times, there has been
more emphasis on security of title, but, even today, rights
in immovables may be subject to special limitations con-
cerning acquisition, alienation, seizure, testamentary dis-
position, and partition. The modem trend toward security
of title hasled to an increased emphasis on public records.
In central European countriesand in part'sof the British
Commonwealth the very existence d interests in immov-
ables depends, ordinarily, on the recording of forma acts
in land registers. Moreover, all entriesin the land registers
are accorded full faith and credit (that is, are accepted in
other states or countries) so that innocent third parties
may rely upon them. I nthe United States, in legal systems
of the French family, in Scandinavian countries, and in
other parts of the world in which a land register system
has not as yet been established, the transfer or encum-
brance of immovable property is ordinarily effective to-
ward third persons from the time pertinent documents
are placed in public records. The degree of faith and
credit accorded to entries in these records varies from
country to country.

Since ancient times and up to the era of the Industrial
Revolution, land (an immovable) was regarded as the
most important type of wealth; hence, particular rules
were developed to safeguard interests connected with the
possession, use, and enjoyment of land. |n modern times,
however, economic emphasis has shifted to values other
than land, and the law tends to accord to these values the
typeof protection traditionally reserved for land.

Ancient divisions o property. In ancient Roman law,
emphasis on the relative significance of the elements of
wealth led to the division of things into res mancipi and
res nec mancipi. Land subject to Roman ownership, cat-
tle, beasts of draft and burden, and rural servitudes at-
tached to land subject to Roman ownership were classi-
fied, in thelight of their importance for the realization of
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economic, political, and social interests, as res mancipi;
all other elements of wealth were res nec mancipi. This
division of things was kept alive by classical jurists in spite
of profound changes in the economy and society. The
Emperor Justinian formally abolished it in the 6th centu-
ry and replaced it with the distinction between movables
and immovables, a distinction that had been known but
wasrelatively insignificant under earlier law.

Roman law scholars elaborating on Justinian's Corpus
juris civilis during the era of reception of Roman law in
continental Europe (14th to 16th centuries) paid little at-
tention to the old division of things and quite naturally
focussed attention on the distinction between movables
and immovables. This distinction was elaborated further
in the following centuries and found its way into the de-
veloping legal systems of various continental countries.

Modern variations. In legal systems of the French
family, the distinction between movables and immovables
rests, in principle, on physical notions of mobility and on
inherent characteristics of things. An immovable is de-
fined as a thing having a fixed place in space, and a
movable as one that can either moveitself or be removed
in space. For reasons of policy, however, the law may
treat as movables things that according to lay notions
could be regarded as part of animmovable, such as stand-
ing crops. On the other hand, the law may qualify as
immovable things broadly considered to be movables,
such asfarm implements and animals. Rights that attach
to an immovable object are also immovables.

In Germany, and in legal systems following the model
of the German Civil Code, immovables are tracts of land
and their essential component parts; things that are nei-
ther tracts of land nor essential component parts of tracts
of land are movables. Since thingsin these legal systems
are defined as tangible objects, rights are neither movables
nor immovables, nevertheless, for certain practical pur-
poses, rights closely connected with immovables may be
subject to the rules governingimmovable property.

In England, the distinction of property into personal and
real was considered as late as 1925 to be the keystone of
property law. The distinction arose in theformative eraof
the common law and corresponds roughly to the distinc-
tion between feudal and nonfeudal property. Because
land was the foundation of feudalism, the distinction be-
tween real property and personal property corresponds
roughly to that between land and chattels. The distinction
between the two kinds of property was originally proce-
dural; lawyers distinguished between real actions, tend-
ing to secure the recovery of property in kind, and per-
sonal actions, tending to secure the payment of dam-
agesfor unlawful interference with one's possessions. Be-
cause feudal relations were largely determined by the
manner in which particular tracts of land were held, it
was necessary for an ousted landholder to recover his
own particular tract. Hence, real actions were largely
available for the protection of interestsin land, whereas
personal actions were available for the protection of inter-
estsin chattels; in time, the termsreal and personal prop-
erty cameto denotethe objectsof property rights protect-
ed by these actions.

Real property (realty) may thus be defined as interests in
land other than leasehold interests (held for a definite
duration) ; personal property (personalty) includes inter-
estsin movables and leasehold interestsin land. Each type
of property was, in effect, governed by a distinct set of
rules. With the exception of certain technical rules of
minor significance, however, the differences between real
and personal property were swept away in England as a
result of statutes enacted after 1925. The differences be-
tween the notions of movables and immovables in civil
law and real and personal property in English common
law have thus been minimized. I n spite of differencesin
methodology and conceptual technique, the law of real
property in England today performsafunction essentially
similar to that performed by the law of immovable prop-
erty incivil law jurisdictions.

Similarly, legidation in the United States and in other
common law jurisdictions has smplified the law of real
property and has transformed it into a law applicable to
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land. The distinction between real and personal property
is still drawn in the United States in the light of the
historical past, but it has lost most of its original signif-
icance. In contemporary American practice, distinction is
made between land and movables, and modern treatises
of property law include consideration of both elementsof
wealth.

In the U.S.S.R., the distinction between movables and
immovables was expressly abolished by the Russian Civil
Code of 1922, which was largely reproduced in the vari-
ous civil codes of the constituent republics. Since all land
had been nationalized and, therefore, removed from com-
merce, it was thought that the distinction between mov-
ables and immovables had lost its reason of existence.
Today, property in the U.SSR. and other Socialist coun-
tries is divided into goods of production and goods of
consumption and into personal property, cooperative
property, and socialist property. As such, thesedistinctions
reflect Marxist philosophy. Land, which can no longer be
privately owned, is subject to specia rules. Buildings and
other constructions may be personal property, coopera-
tive property, or socialist property, depending on their
function. In each case, they are subject to appropriate
legidation rather than a common set of rules, although it
is true that residential homes, which may be privately
owned, are subject to a number of special rules that are
inapplicable to other types of personal property. The
transfer of a residential home, for example, is subject to
the requirements of notarial act and registration in public
records, whereas the alienation of other thingsis effected
by informal agreement and delivery.

Choice of law. Thelawsof astateor country apply, in
principle, to all persons, acts, and things within its geo-
graphical limits. This principle of the territoriality of laws,
however, is not absolute. I'n cases involving foreign ele-
ments, courts must decide whether they have jurisdiction
to pass upon the controversy beforethem and whether the
controversy is governed by the court's own law or by
some foreign law. These questionsform part of the disci-
pline known as conflict of laws (¢.v.) or private interna-
tional law.

The division of things into movables and immovables
has legal consequences in the field of conflicts of laws.
According to a universally recognized rule of choice of
law, the determination of whether a particular thing is
movable or immovable and the determination of most
disputes concerning rights in immovable property are
made by application of the law of the place in which the
property is situated — the law of the situs. In common law
jurisdictions, almost all claims with respect to iinmovable
property, whether they arise from contractual transac-
tions or from inheritance, are said to be governed by the
law of the situs. Because common law courts refuse to
exercise jurisdiction when immovable property is situated
in a foreign state or country, this law is ordinarily the
court's own law. I n civil law countriesthe law of the situs
ordinarily governs claims arising from transactions
among living persons only; succession rights in immova-
ble property are governed, as a rule, by the law of the
nationality of the deceased. In contrast with common law
courts, courts in civil law countries exercise jurisdiction
quite freely when immovable property involved in litiga
tion issituated on foreign soil, applying the law of thesitus.

Thereis a variety of law rulesin existence for movable
property. The traditional common law rule is that mova-
bles, having no fixed location, are governed by the law of
the domicile of their owner. |n modern times, however,
the courts tend to pay lip service to the traditional rule
while they actually fashion new rules;, movables are now
governed by such criteria as their original or current
placement or the place where the parties involved car-
ried out their transactions, depending on particular facts
and circumstances. In civil law countries, as a rule, the
creation, modification, or termination of rightsinindivid-
ual corporeal movables is determined by application of
the law of the situs. Succession rights in movable prop-
erty, however, areordinarily determined by application of
the law of the nationality of the deceased. | n these coun-
tries, thedivision of thingsinto movables and immovables

tends to lose much of its significance in conflicts law,
since, as a rule, all types of property are governed either
by the law of the situs or by the law of the nationality of
thedeceased. In all jurisdictions, rights in industrial prop-
erty are governed either by the law of the place in which
these rights were created or by directly applicable inter-
national conventions.

Legal digtinctions between tangible and intangible proper-
ty. The Romans classified objects of property rights as
HAther corporeal or incorporeal. Physical objects that
could be felt or touched were given as illustrations of
corporeals. Incorporeals were abstract conceptions, ob-
jects having no physical existence but having monetary
value; theillustrations given were rights of variouskinds,
among them inheritance, obligations, and all proprietary
interestsin things with the exception of the right of own-
ership, which was considered as corporeal because its ob-
ject wascorporeal.

In legal systems of the French family, which follow the
Roman tradition, things are divided into corporeals and
incorporeals. A thing is corporeal if it is perceivable by
any of the senses; incorporeals are rights that are con-
celved by the intellect. Under the German Civil Code,
however, and those modelled after it, ownership and
other proprietary interests may exist for corporeal objects
only. Incorporeal objects, such as rights having monetary
value, though part of a person's patrimony, are not gov-
erned by the law of property.

In common law jurisdictions, a distinction is made be-
tween tangible and intangible property that corresponds
roughly to the Roman division of things into corporeals
and incorporeals but does not coincide with it. Tangible
property includes lands and certain chattels known as
choses in possession; that is, rights in definite tangible
things over which possession may be taken. Intangible
property islargely one of two types: (1) chosesin action,
namely, rightsof property that can only be claimed or en-
forced by legal action and not by taking physical posses-
sion, such as bank accounts; debts generally; stocks and
shares; and industrial property, including patents, regis-
tered designs, trademarks and trade names, and copyright
and (2) incorporeal hereditamenis, namely, heritable
rights, or rights passed by way of descent to heirs, such
as those relating to lands, buildings, minerals, trees, and
al other things that are part or affixed to land and also
easements, profits, and rents.

Servitudes and easements. From among the various
speciesof incorporeal things or intangible property, atten-
tion may be focussed at this point on servitudes in civil
law jurisdictions and on easementsand profitsin common
law jurisdictions. A servitude is a proprietary interest,
which amounts to a real right on the property of another
person. It may be a charge laid on one estate in favour of
another estate, such as a right of passage, or a right of
diverting water or drainage through the other estate. Or it
may be a charge laid on an estate in favour of a person,
such as a right of usufruct, use, or habitation. An ease-
ment may be defined roughly as a property right in a
person or a group of persons to use the land of another
for specia purposes, such as rights of way, rights of di-
verting the course of a stream for irrigation purposes, and
rights for the support of buildings—that is, any right not
inconsistent with the general property right of the owner
of theland.

Profits. A profit, technically known as profit-d-prendre,
is the right to use another's land by removing a portion of
the soil or its products; it includesthe right to take fish or
game; to pasture one's animals on the land of another;
and to take wood, sand, coal, and other mineral sub-
stances. At least in American jurisdictions, easements as
well as profitsmay be established in favour of an estate or
infavour of adesignated person.

Rights of way. Rights of passage or rights of way are
some of the most frequently encountered servitudes and
easements. These are rights to pass over the land of anoth-
er. They are not natural rights and must be created by
application of one of the methods that are available for
the acquisition of property rights. Rights of passage or of
way may be either public, for all persons to enjoy, or
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private, for the benefit of a designated person or aclass of
persons. Rights with respect to the use of waters are like-
wise some of the most frequently encountered servitudes
or easements. According to civil law conceptions, which
have been broadly adopted in Anglo-American jurisdic-
tions, landowners have certain well-defined rights with
respect to surface waters; underground waters; and natu-
ral watercourses, such as rivers, streams, and lakes tra-
versing or bordering their lands. Modifications o these
well-defined rights may take the form of servitudes or
easements. Thus, the owner of an estate situated above
may acquire, from the owner of an estate situated below,
the right to pollute a natural stream traversing both es-
tates or the right to obstruct the flow o the stream or the
flow of surface waters; the owner of the upper estate may
acquire the right to use an unreasonably great amount of
water for his own purposes or to discharge drain and
refuse waters upon the lower estate; and any landowner
may acquire the right to divert the flow of natural water
courses and to maintain on another estate an agueduct for
his needs.

Finally, mineral rights, especialy rights for the exploita-
tion of oil and gas, may take the form of servitudesin civil
law jurisdictions and of profits in common law jurisdic-
tions. In most parts of the world, however, mineral explo-
ration depends on prior license, concession, franchise, or
grant by the state that has asserted its ownership of valua-
ble natural resources. Only seldom are oil and gas rights
profits in American jurisdictions; ordinarily, persons un-
dertaking such operations acquire from the owner of the
land the ownership of the minerals in place.

TEMPORAL DIVISION (F OWNERSHIP

In all legal systems, the right of ownership is susceptible
to division among co-owners holding undivided interests
over the same thing. In common law juridictions, how-
ever, ownership is capable of being divided in a great
variety of waysfrom the viewpoint of timeaswell asfrom
the viewpoint of space. The law governing temporal divi-
sion wasworked out in thefirst instancefor land and | ater
applied to funds comprising both land and certain chattel
interests of a permanent nature, such as stocks and shares.

Common law: estates. The historical basis of common
law property is that only the Crown can own land. A
landowner, strictly speaking, does not own land but a time
in the land, an interest called an estate. Lawyers manipu-
lated this concept of time in the land and devised an
intricate system of estates, which may be either successive
in time or concurrent, in the sense that two or more
persons may own property jointly or they may have sepa-
rate rights of ownership in the same property at the same
time. Ownership is not attached to the land itself but to an
abstract entity, the estate, that is interposed between the
tenant and theland. Theestateis purely conceptual, yet it
istreated by the law asif it were a real thing.

Three simple classifications of estates may be mentioned
at this point. The first is into estates in possession and
estates in expectancy. If a person's estate giveshim a right
to the immediate possession of the land, it is said to be an
estate in possession; if, on the other hand, he must wait
for his right to possession to take effect, he has only an
estate in expectancy. The second classification concerns
only estates in expectancy, which are divided into remain-
ders and reversions. A remainder is an estate that be-
comes effective when the estate of a previous owner
expires. A reversion is similar to a remainder in that the
right to enjoy theland is postponed to afuture date; when
there is a reversion, however, the land eventually returns
to the grantor, whereas with a remainder the land goesto
some other person. The third classificationisinto freehold
and leasehold estates, the former having an indefinite and
thelatter adefiniteduration.

Freehold estates. The simplest examples of freehold
estates are the estate in fee simple, the estate tail, and the
estate for life. The estate in fee simple is, in the ordinary
course of events, the nearest thing to full ownership of
land found in common law jurisdictions. It confers full
rights of possession, enjoyment, and disposition during
life and by will. If the owner of the estate in fee simple
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dies intestate, the land passes to the relativesentitled un-
der statute in that event. Only in the event of the owner
dying intestate and without relatives will the estate come
to an end and will the land pass to the Crown in England
or to the state in other common law jurisdictions. The
estate tail or fee tail is an estate less than a fee simple in
the sense that it is limited to the person and the heirs of his
body. The tenant in tail has full rights of possession and
enjoyment, and the estate does not come to an end at his
death; it passes to his heirs but only a limited class of
heirs, his descendants. Theline of descent may be further
limited by allowing the estate to descend only through
males or through females. If the tenant dieswithout leav-
ing descendants, the estate may revert to the grantor, or it
may go to someone enjoying a remainder. A life estate is
one whose duration may be measured by the lifetime of
the tenant or of another person. It may also be cut off by
the occurrence of a specified contingency, as, for exam-
ple, the remarriage of the life tenant. The life tenant has
the right to obtain the profits of the property, the right to
possession, and the right to dispose of hisinterest. When a
life estate is created, there is always a corresponding es-
tate in expectancy that will come into existence when the
life estate is terminated. The owner of this estate may
have rights of reversion or of remainder.

Leaseholds. Leaseholds or estates less than freehold
are those that have a definite duration or a duration that
may be made definite a the will of one of the parties
concerned. Not all leaseholds arise. from leases in the
strict sense of the word; some arise from other arrange-
ments and are more properly called tenancies. The most
important and the most frequent are the so-called periodi-
cal tenancies, for example, from week to week, from
month to month, or from year to year; they may be
terminated by notice given by the landlord or by the
tenant only on the anniversary of the original grant. When
the proper day for notice passes without notice being
given, the tenancy is renewed for an additional definite
term. Other possible tenancies are those at will and at
sufferance. A tenancy at will may terminate at any mo-
ment by notice given either by the landlord or by the
tenant; a tenancy by sufferance is one held by a person
whose lawful term has ended and who continues to pos-
sesswithout right.

Whenever a person holds a terminable estate, such as a
life estate, questions arise as to his duties toward persons
holding rights of reversion or remainder. Ordinarily, alife
tenant is entitled only to the income of the property,
including the physical use of tangible things; he may not
touch the capital that must be transmitted intact at the
termination of hisinterest. Of course, it isfrequently dif-
ficult to draw a clear line of distinction between capital
and income, and the problem is even more complicated
when the enjoyment of land is divided among several
persons successively. To resolve this difficulty in a practi-
cal manner, and in order to afford a measure of protec-
tion to the interests of successive holders of land, courts
developed remedies for waste. The ever-present tempta-
tion of atemporary holder of land to exhaust the soil or to
let buildings fall into disrepair may be checked by an
action for damages or, even more important, by an in-
junction restraining the commission of waste.

Statutes enacted in various jurisdictions since the 19th
century have worked out substantial modifications of the
common law governing estatesover land. | n most Ameri-
can jurisdictions, the estate in fee tail has been practically
abolished, and landholdings have been declared to be
alodial (owned and heritable without obligation). I n En-
gland, the Law of Property Act of 1925 reduced the num-
ber of legal estates that can exist over land to two, name-
ly, (1) a fee simple absolute in possession, and (2)
possession for an unlimited period of time; the number of
legal interests or charges was also reduced to five years.
All other estates, interests. and charges must exist in
trusts (see below Ownership for the benefit d others:
trusts as property), the trustees having the legal estate
in fee simple.

Civil law. Compared with the common law doctrine of
estates, the institution of ownershipin civil law systemsis
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the essence of simplicity. No such abstraction as an estate
is interposed between the owner and his property, nor is
ownership built on ownership as in the case of a trust.
Thus, there isno temporal division of ownership; a person
either owns a thing or he does not; it is as simple as that.
The content of ownership may be limited, as when bur-
dens on the land such as servitudes are created, but these
burdens are regarded as restrictions on the use of theland
rather than asrights of separate or concurrent ownership.

Dominium: absolute ownership. The idea of absolute
or at least exclusive ownership has been inherited from
Roman law. One of the most striking institutions of that
legal system was dominium, upon which all the civil law
systems have modelled their treatment of ownership.
Dominium was, in the final form that it received in the
Justinian legislation, as near to being absolute as any
institution of privatelaw can be. The owner had an almost
absolute right to use, enjoy, and dispose of a thing as he
saw fit, subject to exceedingly few restrictions imposed by
the state. The kinds of encumbrances (servitudes, mort-
gages) with which a thing could be burdened were kept
to thelowest possible number, and when created they were
carefully distinguished from ownership; upon the disap-
pearance of an encumbrance, ownership resumed its orig-
inal plenitude, leaving no room for the concept of a re-
mainder or a reversionary interest. |n contemporary civil
law systems, ownership is ordinarily defined as an exclu-
sve right that exhausts the utility of a thing. This right
may be either perfect or imperfect. Perfect or full owner-
shipimpliesthat the owner has the prerogatives of use, en-
joyment, and disposition of a thing. Imperfect or naked
ownership exists when the power of disposing of the prop-
erty rests with the owner hut when the use or enjoyment
is vested in whole or in part in another person. The right
of ownership may be dismembered in a number of ways
specified by law. Among the permissible dismemberments
of ownership in any civil law jurisdiction are included
servitudes and real security rights, such as pawn, pledge,
and mortgage. All dismemberments of ownership are
proprietary interests, which, by their nature, confer direct
and immediate authority over a thing belonging to anoth-
er person.

Usufruct. Prominent among the personal servitudesin
any civil law jurisdiction is the right of perfect usufruct,
which corresponds roughly with the concept of a life
estate in common law jurisdictions. A perfect usufruct isa
real right of enjoyment of limited duration that is exer-
cised on a thing belonging to another person. The usu-
fructuary has a right to draw from the thing all the
advantages and utility that it may produce, asif he were
owner, but he must restore the thing to the owner or his
successors at the end of the usufruct. The creation of a
usufruct does not deprive the owner of his ownership; it
merely deprives him of the prerogatives of exclusive use
and enjoyment.

The difference between usufruct and life estate relates
to theory and structure rather than to function. | n spite of
historical, theoretical, and structural differences, civil lawv
and common law tend to givein most instances strikingly
similar solutions to problems of everyday life. A compari-
son of thefunction of the life estate with usufruct furnish-
es an illustration: the two systems, though starting with
different basic premises have arrived at substantially the
same position.

Although technically there are neither remainders nor
reversions in civil law systems, there are persons whose
positions correspond roughly with those who enjoy re-
mainder or reversion. When the proprietary interest o a
person in a piece of property is certain to terminate, asin
the case of a usufruct, the property eventually is restored
to the owner or to another person. Further, cases of ter-
minable ownership are not rarein civil law jurisdictions:
any ownership acquired by juridical act may be stipulated
to terminate upon the lapse of a term or upon the occur-
rence of a condition. The duties of the temporary owner
toward his successor are ordinarily governed by contrac-
tual stipulations rather than by rulesof property law, but
there is a notable exception concerning the duties of an heir
instituted by a will toward the person (successive heir)

designated by the will to receive the property after the
death of the instituted heir. His obligations to preserve
and transmit the inheritance to the persons entitled to
take it after him are governed by the rules of succession.

The usufructuary is under obligation to ensure that the
property will be restored intact to the owner at the cessa
tion of his interest. He must not destroy or alter the
character of the buildingsor of theland, and, if theland is
agricultural, he may not even change the type of farming
practiced. Further, the usufructuary isunder obligation to
keep the property in a good state of repair, though in this
respect there are some variations in detail from country to
country. Theinstituted heir isentitled to use and enjoy the
property as owner, but, like the usufructuary, heisunder
duty to manage the property with a certain degree of care.

OWNERSHIP FOR THE BENEFIT OF OTHERS:
TRUSTS AS PROPERTY

In all legal systems, the ownership of a thing normally
carries with it the power to enjoy the thing and to manage
it; but, since not all persons are capable or willing to
manage their property, the law allows management to be
detached from the enjoyment of the property. This may
be accomplished everywhere by vesting property in an
artificial person, such as a corporation or a foundation.
There is no necessity, however, to interpose an artificial
person between human beings and a fund; property may
be vested in human beingsfor the benefit of other human
beings or indeed for themselves. This is accomplished in
common law jurisdictionsby meansof atrust.

A trust is a lega relationship whereby a person called
trustee undertakes the obligation to deal with property
over which he has control (called the trust property) for
the benefit of persons called beneficiaries, of whom he
may himself be one. Generally speaking, all kinds of
property, real or personal and tangible or intangible, may
be held in trust; but the property most frequently so held
includes land, stocks, and shares. A trust generaly in-
volves separation of the management from the beneficial
enjoyment of property. although in civil law jurisdictions
this can occur only when a person is incompetent to
manage his own affairs because of absence, age, or un-
sound mind.

The separation of management and beneficial enjoy-
ment. In all casesin which management and beneficial
enjoyment are separated, the question arises asto the na-
ture of the respective interests of the manager and of the
person having the beneficial enjoyment. It might be possi-
ble to say that the manager owns the property but that
he is under duty to manage it for the benefit of another
who has nothing more than a personal right to take action
against the manager. It might also be possible to say that
the beneficiary owns the property, but the manager has
full powers of administration without any proprietary in-
terest in the property. This second possibility exists
in civil law jurisdictions, where the property administered
by the tutor of a minor or by the curator of a person
o unsound mind belongs to the incompetent. Nei-
ther possibility exists in common law jurisdictions. In
these jurisdictions, in effect, both the trustees and the
beneficiaries own the property in different ways; or,
more accurately, neither owns the property in the sense of
the Roman dominium, but each owns an interest in it,
called, respectively, the legal estate and the equitable in-
terest.

For historical reasons as well as functional purposes, it
became necessary to treat the right of the beneficiary asa
separate equitable estate comparable to the legal estate;
the desire to make a temporal division that had led to the
development of the doctrine of estates was also found in
theareaof trust property. Thus there is not one object of
ownership, a physical thing, but two separate abstract
things, the legal estate owned by the trustee for the pur-
pose of managing the property and the equitable interest
owned by the beneficiary for the purpose of enjoying the
same. The lega estate is a way of explaining that the
trustees may act commercially as ownersof the property,
enjoying wide powers of alienating it in the market; the
equitable estate means that the beneficiaries have the
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beneficial ownership, which implies that they can enjoy
the use and possession of it and draw an income fromiit.

Obligationsof trustees. Property may be given to trus-
teesfor the benefit of persons or for the accomplishment
of certain purposes, usually charitable. I n either case, the
trustees may not take any benefit themselves in their char-
acter as trustees, unless they are entitled to charge for
their services under the instrument creating the trust.
They must obey the terms of the trust and are under
personal duty toward the beneficiaries for the proper
management of the trust property. If the trustees do not
carry out their duties toward the beneficiaries, the bene-
ficiaries may bring proceedings in a court of equity to
have thetrust enforced.

The fragmentation of ownership into a legal estate and
an equitable interest isan original common law institution
that serves a variety of functions. There is no equivalent
institution in civil law jurisdictions, unlessone may regard
as equivalent a substitution or fideicommissum, whereby
an instituted heir or legatee is bound to restore the inheri-
tance to another person. Yet it ought to be noted that the
instituted heir, though temporary owner of property, has
both management and bexeficial enjoyment as long as his
right lasts. In recent years, because of economic consider-
ations, the institution of trusts has been introduced by
legislation in a limited number of civil law jurisdictions
having close ties with the United States or with countries
of the British Commonwealth (e.g., Mexico and Liechten-
stein). As a single device to accomplish a variety of pur-
poses, the trust has no equal, but nearly everything that
the trust can accomplish may actually be achieved within
the framework of a civil law system, the policies of the
law permitting. When something achievable with the trust
isnot achievable in civil law jurisdictions, it is usualy be-
cause the result is forbidden for reasons of social policy.

Vesting of titles. The law does not tolerate a high de-
gree of uncertainty as to who is entitled to the enjoyment
of material goods, and it develops devicestending to pre-
vent goods from being kept out of the market for long
periods of time. These devices relate to the vesting of
titles. I'n civil law jurisdictions and in Socialist countries,
the rules governing the vesting of property rights are very
simple. Property at any given moment must be owned
either by a natural person or by an artificial person; con-
tingent ownerships, likely to arise upon the lapse of a
term or upon the occurrence of a condition, are ordinar-
ily based on transactions among living persons. Asa rule,
property must be transmitted by contract, by will, or by
operation of law to a person that islivingor that at least is
conceived in the womb.

In common law jurisdictions, the word vesting has dif-
ferent meanings, and the rules concerning the vesting of
property rights are more complicated than in civil law
jurisdictions. All interests in property are divided into
vested interests and contingent interests. For an interest to
be vested, the person entitled to it need not have aright to
the immediate possession of land or to draw an income
immediately from a fund; al that is required is that the
nature and amount of the interest and the identity of the
person entitled to it should be known. If theidentity of the
person or the amount of hisinterest isnot yet known and
will be known only upon the happening of a contingency,
the interest isqualified as contingent.

RESTRICTIONS ON THE OWNERSHIP OF PROPERTY

In all legal systems, the scope, incidents, and content of
ownership are subject to restrictions made in the general
interest of society in the enjoyment of its material goods.
It isin the light of these restrictions that ownership is
ordinarily qualified as an exclusive rather than an abso-
lute right. Some of these restrictionsare imposed by rules
of public law, others by rules of private law, and still
others by the effect of lawfully executed private cove-
nants.

Limitations on what may be owned. |n thefirst place,
there are limitations everywhere as to the kinds of things
that may become objects of property rights. In amost all
modern civilized legal systems (the exceptionsbeing such
aberrationsas Nazi Germany), human beings may not be
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owned by other human beings. According to modern con-
ceptions, a living human body and any member or part
thereof are regarded as incidents of a comprehensive
"right of personality" rather than objects of property
rights, other than that one may have an ownership right in
his own body. Contemporary legislation, jurisprudence,
and doctrine indicate that transactions concerning parts
or membersof human bodies, such as donations of blood
or legacies of eyes, are valid, unless, of course, they con-
flict with social mores. With regard to dead bodies, the
possibility of private ownership is broadly admitted, al-
though such bodies are ordinarily subject to compulsory
disposal by burial or cremation. Apart from human bod-
ies and members or parts thereof, there are things that
may not become objects of property rights either because
of a physical impossibility of appropriation or because
the law so provides. Running waters, the atmospheric
air, and the open sea, for example, may not be appro-
priated in their entirety by an individual or artificial per-
son. According to traditional civilian ideas, these are
common things and insusceptible of any ownership.

Rightsof statesto property. Second, thestate may, and
frequently does, assert primary rights to property, thns
excluding from the sphere of private ownership a wide
variety of elements of wealth. In civil law as well asin
common law jurisdictions, the state usually asserts its
ownership of the seashore, the continental shelf, and in-
land navigable waters and bottoms. These are ordinarily
designated as public things or public property held by the
statein trust for the benefit of all. Further, the state may
assert its ownership of a variety of mineral substances
(including, in some jurisdictions, oil and gas), unclaimed
lands, and such natural resources as hydroelectric energy
and radio waves; and it may monopolize a growing num-
ber of service fields, such as telecommunications. These
are ordinarily designated as the private property of the
state or of public corporations. In recent years, statutes
have been enacted in various capitalist countries asserting
state ownership over running waters and wildlife— things
that have been traditionally regarded as belonging to no
one in particular. This form of state ownership is a new
conception, giving expression to the demand for conserva-
tion of natural resources, which are assets of society and
capable of appropriation only under regulationsthat pro-
tect the general interest.

The state's assertion of primary rights to property is
much more intense in Socialist countries, where the bulk
of the wealth constitutes Socialist property. Land, produc-
tive capital, and most service fields belong, as a rule, to
the state, its political subdivision, or to public corpora-
tions. The kinds of objects that may become personal
property of individuals are thus severely limited in com-
parison with capitalist countries, and there are even limi-
tations asto the quantity of things that a citizen may own.
In the USSR, for example, a citizen may own only one
dwelling, be it a house or an apartment. In no circum-
stances may personal property be used to derive nonla-
bour income, such as rents, dividends, or interests.

Limitations on uses of property. Finally, in all legal
systems there are limitations pertaining to the use of lands
by private landowners. Until the era of the Industrial
Revolution, lands constituted the bulk of wealth and the
foundation of the social order; hence, there wasa need for
limitations that would safeguard the general interest. In
spite of changed economic conditions, most of these limi-
tations are il relevant and continue to prevail. They
may derive from rules of public law, such as zoning regu-
lations and provisions concerning the expropriation of
lands for purposes of public utility; from rules of private
law, such as provisions prohibiting excessive emissions of
smoke, noise, vibrations, and odours; and from protective
covenants entered into among landowners under the
protection of the law. The matter of excessive emissionsis
dealt with in civil law jurisdictions under the heading of
neighbourhood rights, because the restrictions are im-
posed in favour of adjoining owners. In common law
jurisdictions, the same matter forms the object of the law
of nuisance, a topic of tort law. Protective covenants (cov-
enants that are attached to a property deed and go with
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the property when sold, usually containing restrictions on
maintenance or sale to specific parties) are rare in civil
law jurisdictions, because the field is adequately covered
by directly applicable legidation; moreover, the scarcity
of protective covenants may be attributed to the fact that
restrictions on the use of lands by juridical act necessarily
must take the form of a servitude, namely, of a charge
laid on an estate in favour of another estate. In common
law jurisdictions, however, protective covenants are quite
common in subdivision developments. They are ordinarily
established by a subdivider or by a group of landowners
for the purpose of preserving and enhancing real property
values by the maintenance of certain building standards
and uniformity in the use of lands. Protective covenants
also were once used in the United States to perpetuate ra-
cia discrimination in housing, but the United States Su-
preme Court ordered an end to this practice on constitu-
tional grounds.

SOCIAL CONSEQUENCES OF PROPERTY RIGHTS

The issue of the social consequences of property rights,
inextricably connected with the questions of the nature,
origin, and justification of private property, has given rise
to interminable discussions throughout the ages. A deep
analysis of this issue properly belongs to the domains of
the philosophy of law, sociology, economics, and political
theory. At this point, it suffices to discuss a few social
effects of property rights.

Political effects. The political organization of society
often determines the kinds, scope, and content of property
rights that may be enjoyed by individuas; in tumn, it is
inevitable that the distribution of wealth should exert
influence on the structure and the evolution of the politi-
cal organization. The fact that property rights exercisepo-
liticd power has not escaped the attention of philoso-
phers since the time of Plato and Aristotle. Plato attacked
private property because he thought that, without its
abolition, his philosopher kings, the future guardians of
hisideal state, would become enemies and tyrants instead
of allies of the people. Aristotle criticized his contempo-
raries proposals to equalize individual fortunes in order
to prevent revolution, but he fully concurred in the view
that al civic dissensions arise from inequality of weslth.
Consequently, he suggested that all gifts of property
should be outlawed and that severe restrictions should be
imposed upon the right of inheritance, the means by
which an oligarchy preserves itself. The idea that private
property was at the root of political and economic evils
was carried into modem times by several theorists and
philosophers, including, of course, Karl Mam.

Economic effects. The effect of property rights on the
economic system is as profound as that on the political
organization of society, and the two are frequently insepa
rable and indistinguishable. Certainly, whether a politica
and economic system qualifies as capitalistic or sociaistic
depends on the kinds, scope, and extent of property rights
available to individuals. And both capitalistic and Social-
ist countries control economic activities in terms of their
philosophies regarding property rights. Antitrust legida
tion enacted in the United States, for example, is intended
to encourage competition and to prevent the concentra-
tion of wealth in the hands of a few powerful individuals
or corporations. In the Soviet Union, however, legisation
consistent with Marxist philosophy narrowly delimits indi-
vidual property rights and secures the concentration of
wealth in the hands of the state; as a result, the influence
of private property on social and economic organization is
minimized.

Effects on social stability. The effect of property rights
on social stability and, conversely, the effect of internal
security on economic development have been discussed
extensively by economic theorists, political scientists, and
social philosophers. Classica economists, for instance,
believed that socia stability was possible only if individ-
uals might control, for purposes beneficia to themselves,
what they have discovered and appropriated to their use,
what they have created by their own labour, and what
they have acquired under the existing social and economic
order. Private property was deemed to be the cement of

society. Socialists, of course, have often had arguments
precisely to the contrary.

Effects on initiative and production. Economists and
political thinkers have for many years debated the effect
of property rights on individual initiative and productivity.
Classical economists, for instance, believed that the right
of property was the most powerful of all encouragements
to the increase of wealth. This view has been consistently
challenged by theoretical sociaists who have postulated
the existence of altruistic motives in the production of
goods. Pragmatic considerations, however, seem to have
led some Socialist countries, including the Soviet Union,
to recognize that, at least to some degree, profit taking
does provide incentives. Individual motives for the acqui-
sition of persona property thus help to make the wheels
of industry go round in Socialist as well as in capitalist
countries.
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Property Tax

A property tax is a tax levied upon land and buildings. In
some countries, including the United States, the tax is
aso levied upon business and farm equipment and inven-
tories. Sometimes the tax extends to automobiles, jewelry,
furniture, and even to such intangibles as bonds, mort-
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gages, and shares of stock that represent claims on, or
ownership of, tangible wealth.

In most countries, property taxes are used by local or
state rather than national governments. Property-tax re-
ceiptsin 1970 supplied about 55 percent of the revenue
raised by loca governments in the United States.
Throughout much of Europe and Latin America and
parts of Africa and Asia, one finds taxes that may be
broadly classified as property taxes in their functioning
and that supply significant proportions of total tax
revenue.

In several countries the property tax applies in fact
primarily to urban real property. The intensity of use
varies widely — revenuestotal about 4 percent of nation-
al income in Canada, Ireland, the United Kingdom, and
the United States; about 2 percent in Australia, Denmark,
and New Zealand; somewhat more than 1 percent in Bel-
gium, Japan, South Africa, and Taiwan; and lesser but
still significant amounts in a dozen or more other coun-
tries.

In some countries, property-tax revenues have lagged
far behind the growth of national income because the tax
has been based on measures that have not responded to
changes in the general level of prices. The origina land
surveys were designed to serve for long periods, and the
taxes were based on surface area or presumed income at
rates that might have served moderately well in a world
of stable economies. War, inflation, and other forces,
however, have made them obsolete; and popular resis-
tance and lack of administrative capacity have generaly
prevented their modernization.

Levies not ordinarily included in property taxes are
those on transfer of property (by sale, gift, or death), on
net wealth, and on capital; special chargesfor some pub-
lic service or improvement (such as specia assessmentsin
the United States); certain types of agricultural imposts;
and portions of income taxes that apply to presumed or
actual yield of farm or urban land.

THE DEVELOPMENT OF PROPERTY TAXATION

One of the most difficult problemsin taxing property isto
find a reasonable basis of assessment. The problem has
grown more difficult as the complexities of economic life
have increased. The taxes of the ancient world, of parts of
medieval Europe, and of the American colonies were
originally land taxes based on area rather than on value.
Eventually gross output came to serve as the base. At a
later stage, attempts were made to find a measure of what
would now be called the individual " ability to pay"; thus,
other forms of wealth, such as farmhouses, animals, and
implements, were included. At various times, govern-
ments have tried to make the tax base one of genera
property value rather than of specific amounts o differ-
ent types of particular properties. Yet to reach movable
property effectively for taxation has aways been difficult;
and taxing intangible forms of wealth has proved even
harder.

The New England colonies developed taxes that sought
to reach all of the “visible estate," real and personal. The
"general property tax," applying to all property, was on
the statute books of some states by 1800. During the
colonial period, the southern and middle colonies made
relatively little use of property taxation, but by the mid-
die of the 19th century it had become the principal source
of revenue in al the states. The base of the general prop-
erty tax was defined to include intangible wealth. Yet the
value of mortgages and other intangibles consisted large-
ly of claimsto rights in real estate and tangible personal
property, which were also taxed. Since the double burden
seemed excessive, and since concealment was easy, en-
forcement of the tax on intangibles became difficult and
ultimately almost impossible. Disintegration of the prop-
erty tax as a general tax began early and continued into
the 20th century as more and more property escaped,
legally and nonlegally. Today the tax in most U.S. states
applies to real property; to machinery and inventory of
businesses; to relatively small amounts of furniture and
jewelry and somewhat more to the value of autos; and in
a small degree to bank balances, securities, and other
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intangible personal property. A national census in 1966
found that real estate accounted for 85 percent of the
property-tax base.

The property tax is ultimately a tax upon persons; prop-
erty serves only as the basis of assessment. The amount
payable is based not on a person's or a company's total
net wealth but on gross value without regard to debts.
The tax will ordinarily be paid from income (either from
the property or from other sources).

The property tax in the United States is the chief source
o revenue for local government. State governments once
used the tax as an important source of revenue, but only a
dozen now get as much as 2 percent of their revenue from
this source. Forty state governments, however, assess
some or all of the operating property of railroads and
other utilities. For many years, few if any states took
serious interest in the way in which local governments
administered the tax; but active efforts to improve it ex-
panded after World War 11, and by 1969 significant lead-
ership was found in half or more of the states. Some
authorities favour a state takeover of the tax, partly be-
cause they believe that states would administer it better
and partly in order to remove inequalities in taxing ca-
pacity among local governments (especially for financing
schools).

The scope of the tax in different countries varies greatly,
depending upon legal factors, administrative realities, tra-
dition, availability of other sources of revenue, the orga-
nization of government— especially therelativerole of lo-
cal government, for which thislevy is of key significance
—and the public services provided. The attempt to extend
the tax to other than real property (land and buildings) is
almost unique to the United States. There is a strong
argument in principle for broad coverage of tangible
property, since otherwise the tax discriminates (is not
neutral) among types of consumption and investment.
Administrative difficulties limit what is possible in prac-
tice. Classification of property by different types has
served as a basis for varying the effective burdens, some-
times by providing for the exclusion of a fraction of the
value of some kinds of property (machinery, forests,
mines, securities, furniture, etc.), sometimes by adjusting
theratesof tax.

ADMINISTRATION

Responsibility for the various phases of administration
rests almost entirely upon government officials. Adminis-
tration involves the discovery or identification of the
property to be taxed, its valuation, the application of the
appropriate tax rate, and collection. Where the amount of
tax is measured by income, asin Great Britain and some
of the British Commonwealth countries, income rather
than capital value must be determined. The methods of
self-assessment or withholding by a third party (an em-
ployer or seller) that are used in other forms of taxation
are seldom applied in this area. Important aspects, espe-
cialy valuation, are a matter of judgment rather than of
fact. The determination of value for tax purposes is not
an incidental result, or an automatic by-product, of a
transaction entered into for other purposes, such as a
wage payment or a retail sale.

Difficult administrative problems arise in determining
(1) what actually exists in a physical sense (the location,
topography, and area of a pieceof land; the size, materi-
as, and condition of buildings; the number and types of
machines or items of inventory) and (2) the value of the
property. To do this well requires skilled professional
personnel, access to information of various types, and
appropriate facilities. The quality of most property-tax
administration is far below satisfactory levels. Valuation
procedures in Australia, New Zealand, and Great Britain
appear superior to those often accepted in the United
States, although some states and communities in the
United States have shown considerable improvement.

Better administration involves a number of things. One
is better mapping and the improvement of other means of
getting accurate property descriptions. Another is more
sources of data about values and more sophisticated ap-
proaches to valuation. For sometypes of properties, such
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as single-family residences, sales of generally similar
properties provide a good basis for valuation. Some prop-
erties, such as office and apartment buildings, can be
valued on the basis of the income they yield. For unique
and highly specialized properties, including factory and
other buildings that are integral parts of a business opera
tion, the value for tax purposes must rest on estimates of
reproduction cost less depreciation. Business inventories
may be valued on the basis of company records and so
may machinery and equipment.

Good assessment requires the skills of a permanent pro-
fessional staff, selected and promoted on a merit basis,
working full time at pay comparable to that in private
industry and free from political pressures. The United
States assessor has typically been a part-time official, usu-
aly elected, poorly paid, and without the special training
now recognized as essential. Rarely has he had the basic
information and other facilities needed. Incompetence
has sometimes been compounded by favouritism and cor-
ruption. The area under the responsibility of one assess
ment staff needs to be large enough to permit specializa-
tion and the development of expertise. Rarely are staffs
large enough to make reasonably complete coverage of-
tener than every four or five years. Yet the pace o
change and the amount of new constiuction are so great
as to make many assessments significantly obsolete be-
fore a new cycle can correct them. Keeping maps and
records up-to-date calls for more continuing work than
most governments will support, though modern data-
processing techniques offer hope of reducing the burden.

Practice in most countries has been to assess at only a
small fraction of the full, current market value even when
the governing law specifies that assessment shall be at 100
percent. Low valuations mean that tax rates must be
higher. This tends to make inequities in the tax burden
greater because a large rate difference magnifies any in-
equity growing out of poor valuation. As a practical mat-
ter, it is more difficult to compare the assessments of
different properties when all are far from market levels;
and it is more difficult to criticize an assessment as being
unfairly high when it is, say, one-fourth of market price
while others are one-fifth or less.

Because the tax base, and hence the amount of tax pay-
able, depends upon an official's estimate of value rather
than on a free-market test (as with a sales tax) or on the
taxpayer's report (as with an income tax), the taxpayer
will not have participated in the determination of the
assessment. The law usually provides facilities for appesal
before the tax becomes final, but these are often of little
worth. Such review often isfarcical. The taxpayer may be
ignorant of procedure, or he may not consider the possi-
ble saving worth the trouble. Occasionally an owner
comes armed with legal talent, piles of evidence that the
board cannot check, and perhaps political influence. The
elements of unchecked discretion, in both the original
assessment and in its later review, provide opportunities
for abuse. A owner who hires the right attorney may get a
reduction easily, especialy if the assessor has deliberately
overestimated the value.

TAX RATES

Generally in the United States, but rarely in other coun-
tries, the tax rate consists of two or more superimposed
elements accruing to separate jurisdictions—to city or
town, school district, county, perhaps the state, and to
one or more special districts (sewer, drainage, etc.). Each
unit of government determines the tax rate it will apply,
ordinarily expressed asa percentage of the assessed value.
Since assessments are usually much below market values,
nominal tax rates give a misleading impression of the
burden. For example, 20 U.S. cities in 1966 had nominal
rates averaging 9.33 percent, but assessments averaged 15
to 20 percent of market values; consequently, the true
rates were 1.6 to 2.1 percent. I n eight cities with average
tax rates of 5.23 percent, the property was generaly as
sessed at 50 to 60 percent of market prices; effective rates,
then, ranged from 2.6 to 3.1 percent of full value.
When government functions were narrow and the prop-
erty tax the sole source of local revenue, tax rates were

determined simply by dividing the figure for estimated
expenditure by that for assessed valuation. If spending
was to be $400,000 and assessments were $40,000,000, a
rate of 1 percent would suffice. Political attitudes have
changed. 'Today officials are more likely to estimate the
amount that will be available if the existing tax rate is
maintained and then try to judge whether taxpayers will
consider additional spending to be worth a higher rate of
tax. U.S. state governments formerly used the property
tax as a flexible element, relying for the most part on
other taxes. According to whether these were inadequate
or in surplus, the state would raise or lower its property-
tax rate. Many states still have constitutional power to do
so. When a strong demand for some particular service
appears but officials prefer not to raise their "general
fund" rates, the legislature may vote to mandate a "' spe-
cia" rate.

Rate limitations are common, imposed sometimes by
the state constitution, often by statute. For each class of
government — counties, cities, school districts—a maxi-
mum ceiling rate will be set. Sometimes the limit may be
changed upon referendum or by special legislative action.
It is difficult to judge whether such limitations have been
effective in restraining the growth of spending. One re-
sult, however, has been the establishment of specia dis-
tricts that have independent taxing power and thus lie
outside the limitations.

THEORY OF PROPERTY TAXATION

Most taxes can be shifted in some degree from the tax-
payer to other persons. As a rule, the higher the tax on
land, the lower the price. But if land isin great demand,
the buyer may absorb some or all of the tax. The actual
amount a buyer will pay for a plot of land depends upon
the net income he can expect from it in relation to the
yields available from other investments. If the net income
from a plot of land is expected to be $1,200 a year
indefinitely, and if the prevailing yield on long-term as-
sets is 6 percent, then the land will be worth $20,000. If
the tax then rises by $200, the net yield drops to $1,000
and the worth o the land falls to $16,667. The tax in-
crease issaid to have been capitalized. T o the buyer of the
land, the tax in effect at the time of purchase will not be a
burden thereafter because he has already discounted it in
the purchase price. Since land prices generally have gone
up over time, the property tax has not so much lowered
land prices as retarded their rise. In the United States, in
the ten yearsup to 1966, land prices are estimated to have
risen on the average by 6.9 percent ayear.

The extent to which taxes on buildings and other im-
provements can be shifted involves quite different factors.
The construction of buildings depends upon the willing-
ness o investors to make capital available for them,
and taxes affect that willingness. A property tax will be
treated as a cost of doing business. It must generally be
recovered in higher prices from consumers (or in lower
prices paid to suppliers or workers). Firms that do not
succeed in passing the tax on to customers will suffer a
lower rate of return on invested capital. Companies in
competition with others located where rates are lower
may be unable to shift the tax fully to consumers. New
investment will go where net earnings after tax are great-
est. The supply of capital, and thus of goods and services,
grows when investment yields are promising; it lags
when profits are low. As output and prices adjust to
changes in tax rates, the taxes will tend to be shifted to
consumers. The length of time it takes for a change in a
property tax on buildings to be reflected in prices paid by
consumers varies from a few months to a number of
years. For regulated public utilities, the shifting of a
changen tax will usually require some time because new
rateswill have to be authorized by an official agency. The
regulatory process typicaly requires many months. In
some cases, notably United States railroads, after-tax re-
turns have been markedly lower than those in the econo-
my generally; the taxes have been heavier than on busi-
ness generally, and they have fallen largely on owners
(and on suppliers of debt capital) rather than on cus
tomers.
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The homeowner cannot shift the tax on his dwelling.
The price he paid for the land, of course, will have been
adjusted to the tax that was in effect when he purchased
the property; this tax is no burden on the owner &fter his
purchase (though few homeowners realize that if the tax
had been lower, the price paid for the land would have
been higher). The tax on the house closely resembles a
tax on other items of consumption, although it tends in
the United States to be higher than the burdens on most
other consumer goods: Deduction of the tax in computing
income for the individual income tax helps reduce the
net burden for the homeowner.

The amounts of property tax borne by persons at differ-
ent levels of income cannot be determined accurately.
There is almost no way to take account adequately of the
element represented by capitalized land tax in the price of
land. The portion of property tax falling on businesses
(often more than 40 percent) is presumably shifted to
consumers according to their purchases, including those
of telephone, electric, and other utility services.

In general, the property tax seems to be either roughly
proportional to income or dightly regressive (in that the
Increases in amounts of tax paid do not rise as rapidly, in
percentage terms, as income). Regressive taxes are wide-
ly believed to be inequitable. While property taxes burden
persons with low incomes more than may seem wise, their
ultimate benefits have a "pro-low-income” bias. This
means that their total redistributive effect from higher to
lower income groups is substantial when account is taken
of the degree to which property taxes pay for schools and
other services for low-income groups. There is also wide-
spread "horizontal inequity" in property taxes because of
unequal assessments upon owners. The tax falls more
heavily on some kinds of business (e.g., railroads and
other utilities) and some types of consumption (e.g.,
housing) than on others. In the United States, property
taxes on farming as a business tend generally to be low
relative to the value of property but high in relation to
income. Because property taxation is of such long stand-
ing that its many elements have worked themselves into
the economy, some portions being capitalized and others
variously adjusted to, the inequities have to some extent
been reduced.

The property tax has been increasingly weakened by
exemptions. In the United States exemptions apparently
remove about 30 percent of the land area in the average
locality. Most of this, however, consists of streets,
schools, parks, and other property of local government;
therefore, to apply the tax would merely transfer funds
from one government account to another. In somelocali-
ties, state- or federal-government real estate is impor-
tant, although these bodies sometimes make payments in
lieu of local taxes. Property owned and used for religious,
educational, charitable, and some other purposes is gen-
erally exempt.

Some exemptions are made in order to attract new busi-
nesses or to encourage low-income housing. Some states
grant exemptions for part of the value of a "homestead,"
perhaps with a limitation based on income of the owner-
occupant; several give some exemption to persons over
age 65 or to veterans.

Economic effects.  Property taxation financesloca gov-
ernment, not fully but enough to make the indepen-
dence of local government meaningful. This permits de-
centralization of government, which may be considered a
good because it enables a community to exercise a degree
of choice.

The property tax may have substantial nonrevenue ef-
fects. Where it is heavy enough to bring large revenues, it
leads to changes in behaviour, not just because taxpayers
have less to spend and save but aso because individuals
and businesses conduct their affairs differently because of
it. Although property-tax rates expressed as percentages
are usually small, in the United States they apply to
capital values and are effectiveiy much higher: if a prop-
erty that yields 9 percent gross is taxed at 3 percent, the
tax isequal to 33 percent of the pretax income—and 50
percent of the 6 percent remaining after tax. A tax of 20
cents for each 80 cents paid for the costs of housing— not
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as high as actually prevails in many urban areas—is 25
percent when expressed on the same basis as a retail sales
tax.

A community with high tax rates on buildings will be at
a disadvantage in the national (and international) com-
petition for capital unless it can offer compensatory ad-
vantages. The supply of capital for the economy as a
whole comes from saving. Whether the property tax af-
fects it materially is not clear. Methods of production
requiring relatively large amounts of capital will be dis-
couraged if they are subject totax.

The tax on buildings and property other than land dis-
torts resource allocation where older property exists.
New, high-quality buildings are taxed more heavily per
unit of space than are old ones, including slums. There is
no justification for this in the costs that the two types of
property and their occupants impose on local government
in terms of police, fire protection, etc. Thus the user's
payment for the services of local government goes down,
relatively, as the building he occupies gets worse, even
though public expenses attributable to the property are
unchanged or may even increase. Likewise, residents who
shift from poorer to better quality housing or business
property must pay more toward the costs of government
even though they will not ordinarily receive more govern-
ment services. Cities that urgently need to replace obso-
lete buildings paradoxicaly base much o their financing
upon atax that encourages owners to hold on to deterio-
rated structures and penalizes owners of new ones.

Every increase in the property-tax rates on structures
(not land) reduces the desirability of putting capital
funds into new buildings, creates an incentive against
upgrading quality by new construction, and discourages
maintenance. |t also leads to the construction of rooms,
apartments, and buildings somewhat smaller than would
be the case in the absence of tax.

Differences in effective tax rates among localities may
have the effect of creating islands of relatively low tax
rates. Some communities may havetax bases above aver-
age in relation to governmental obligations and can get
by with lower tax rates. They attract capital. Some com-
munities, perhaps by the use of zoning, exclude types of
property associated with high governmental expense such
as high-density housing, which brings many children and
requires more schools. Tax rates elsewhere must then be
higher. The existence of such enclaves will add to the
fiscal imbalance of neighbouring localities and accentuate
the difficulties of older areas.

Lower tax rates on the fringes of an urban area encour-
age suburbanization. Property nearer the centre will be
subject to high tax rates, aggravating the troubles of cen-
tral-city business properties. High taxes on structures also
favour horizontal over vertical growth of metropolitan
areas.

Where, as in Great Britain, the property tax rests on
income, land held idle or far below its best use will yield
little revenue. I n such cases, the tax incentive for efficient
use is notably lacking. The rates at which timber is cut
and minerals extracted can be influenced materially by
property taxation.

Site-value taxation. The use of aland tax as the chief
source of revenue has often been proposed. It was fa-
voured by the Physiocrats in 18th-century France. Proba-
bly the best known exponent was a 19th-century Ameri-
can, Henry George. His Progress and Poverty (1879)
drew upon economic analysis in the tradition of Ricardo
and Mill to argue persuasively for a single tax on land
and the abolition of other taxes (then predominantly
levied on other property). More recently, proposals for
heavier taxation of land—site-value taxation— have
found increasing support. One argument is that much of
what is paid for the use of land reflects socially created
demand and is not a payment to bring land into existence.
The community can capture in land taxes some of the
values it has createci—including ihose resulting from
streets, schools, and other facilities. This, it is main-
tained, would be a more equitable way of financing local
government. Another argument is that the revenue from
a tax on land would permit a reduction of taxeson build-
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ings, which tend to deter new construction. A third argu-
ment is that higher land taxes would make for more
efficient use of land.

There is a great deal to be said in favour of increasing
taxes on land and thus lowering land prices. Economical-
ly, of course, a"high" price for some land is essentia in
order to encourage the best employment of it. The user
of land ought to pay the amount of its worth in its best
use; but the owner, facing no cost of production, need
not receive all that is paid. Government can reasonably
take much of the total paid by the user.

A heavier land tax would change the conditions of own-
ership. The total collected from users would not change,
but private owners of land would retain less, the public
treasury getting more. The price system would still alo-
cate land use. Taxes on improvements could then be re-
duced greatly. The tax relief for deteriorated buildings
would be slight, but for those of high quality the reduc-
tion could be large in relation to net return on invest-
ment. More buildings, new and better ones, would be
supplied. Modernization and maintenance of existing
buildings would become more profitable.

Over the longer run, landowners would get less of the
increments in land values and the public would get more.
Socially created values would be channelled into govern-
mental rather than private uses.

The use of elements other than value as the tax base
would offer the possibility of more rational and efficient
taxation. Taxes could be related more closely to the cost
of governmental services. If land area, the distance from
some base point, and perhaps such factors as the floor
space or volume of a building were used as criteria— and
perhaps related to the specific services of local govern-
ment — considerable revenue could be collected with
much less administrative expense.

The opponents of site-value taxation point out that the
unearned increment in land value has been capitalized
and question the fairness of imposing a heavy tax on
present land values for which owners have paid in good
faith. They doubt the ability of assessors to make fair
enough appraisals to support much heavier rates on land.
They also doubt whether land aone, excluding buildings,
would be an adequate tax base.

Moves in the direction of site-value taxation have been
made in Australia and New Zealand, South Africa, and
parts of western Canada. The case for site-value taxation
being a strong one, other areas will probably adopt it.

(C.L.Ha.)

PROPERTY TAXATION IN EUROPEAN COUNTRIES

The most common forms of property taxation in Europe
are general net-wealth (net-worth) taxes and taxes on
specific types of property, such as real estate. Some Euro-
pean countries, however, leave property itself untaxed—
although the extent of an individual's property holdings
may be used as an index of taxable capacity for personal
and corporation income-tax purposes.

The property-tax figures chiefly in the revenues of local
governments. For central and federal governments it is
not an important source of revenue. In 1969, for exam-
ple, taxes on net worth and on real estate supplied only
4.5 percent of the revenues of the federal government of
West Germany and 4 percent of the revenues of the
national government of France. On the other hand, these
taxes supplied from 20 to 30 percent of local-tax revenues
in Belgium, Denmark, France, and Germany.

The three principal approaches to the assessment of
property are rental value, capital value, and market val-
ue. Swiss cantons assess a property tax on agricultural
land based on the income from the land, which is treated
as rent. Denmark has to a certain extent adopted the
rental-value concept for assessing agricultural land sub-
ject to the estate tax and seagoing vessels subject to the
net-wealth tax. A modified rental-value concept is used in
Spain to assess urban real estate by cadastral income
(contribucidn territorial urbana), which isassumed to re-
flect expected rents.

A more common approach to the assessment of real
property in European countries is that of capital value.

The traditional ideais that capital value can be estimated
on the basis of rental values, treating them as earnings on
capital. The capital-value concept (Einheitswert) pre-
valls in real-property and net-wealth taxation in West
Germany and Luxembourg, in the net-wealth taxation of
Austriag, and in the taxation of real estate by the net-
worth tax of Sweden (forméogenhetsskatt).

Most European countries endeavour to assess property
according to its market value. Applications of the princi-
ple differ. In Swiss cantons, for example, market value is
used in net-worth and real-estate taxation of land and
buildings, while The Netherlands makes use of market
value in net-wealth taxation only for agricultural and
other open land. Still another way has been adopted in
Austria, where a legally defined "fair-market value" (ge-
meiner Wert) is applied in an effort to come close to the
actual sellingvalueof real property.

In Europe as elsewhere, the chief problem in the admin-
istration of property taxes is to keep assessed valuations
up-to-date. Thisisespecially true for real estate, in which
the principal assessments were made decades ago (in The
Netherlands at the end of the 19th century, in Germany
in 1935, in Spain in 1929, in France in 1925 and 1939).
Although new and supplementary assessments have been
made since, the relation between the assessed values has
remained unchanged and does not reflect current realities.

Efforts to reform the system of property taxation have
repercussions upon the rest of the fiscal system and touch
the interests of all economic and social groups. Future
changes will be concerned with three sets of problems:
(1) the need to adapt tax bases to changing property
values; (2) the requirement that different kinds of prop-
erty be treated equally, so as not to discriminate among
them; and (3) the need to harmonize taxes among the
countries of the Common Market. In the early 1970s
various proposals were being considered in European leg-
idative bodies, but there was a lack of unanimity among
groups whose interests were directly involved.  (H.Fec.)

PROPERTY TAXATION IN ASIAN COUNTRIES

Property taxation has long been a feature of the tax
systems of some Asian countries. Its significance as a
revenue source has been growing in recent decades.

The tax isimposed mostly at the local government level,
athough in afew countries, such as Indonesia, Laos, and
Singapore, it is levied by the central government. In the
Philippines the property tax is imposed by the national
government but is collected by, and the entire proceeds
distributed among, local units.

Generally, property taxesin Asian countries are paid in
cash. In the Republic of China on Taiwan, however, the
niral land tax on riceland is payablein kind.

The ratio of property taxes collected to total local reve-
nues is indicative of the importance of this tax. India,
which first imposed the property tax in 1793, drew an
average of 57 percent of local revenues from it in the
years 1966-68; it is the principal source of revenue of
about 2,000 autonomous local bodies. Collections in Ja-
pan averaged 15.6 percent of the total revenue o local
governments from 1968 to 1970. In the Philippines the
property tax brought in about 15 percent of local-govern-
ment revenues from 1967 to 1969. In Pakistan the ratio
averaged 14.3 percent in 1966-69; in South Korea, 9.2
percent in 1967-69; in Thailand in 1968, only 5 percent.
In countries where the tax islevied nationally, the ratio of
collectionsto total national revenueisinsignificant.

While the property tax serves as a major source of in-
come for local government, other revenue sources are
more productive. In Thailand, for example, local govern-
ments draw twice as much revenue from the business tax.
In Japan they derive more revenue from the municipal
inhabitant tax. In Pakistan the yield from the property
tax was exceeded by that from the sales tax and income
tax in 1966-69. In South Korea the acquisition tax, en-
tertainment and restaurant tax, and automobile tax were
more productive in 1967-69.

In Asian countries the property tax applies to land,
buildings, and other improvements. In the Philippines,
machinery is also included. In general, personal property,
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including intangibles, is not subject to the tax. There are
exceptions to this, as in Indonesia, where net wealth ex-
ceeding 2,000,000 rupiahs is taxed, and in Japan, where
certain types of personal assetsare taxable.

The bases used by Asian countries in the assessment of
the property tax intlude market value (in Japan and the
Philippines), annual rental value (in India, Singapore,
South Vietnam, Malaysia, South Korea, and Laos), and
capital value (in Thailand and some states in India).

Asarule, the bases of assessment in Japan are "'normal"
market value for land, replacement cost less depreciation
in the case of buildings, and purchase price less normal
depreciation for depreciable assets. In the Philippines the
assessment law stipulatesfair market value as the basis of
assessment, but in practice the basis is far below the
market value because assessments have not been carried
out periodically.

Most Asian countries use annua rental value as the
basis of assessment. Under this principle, the tax is based
on the average gross-rental income the property is expect-
ed to generate under prevailing market conditions.

In Indonesia the basis of the property tax is the net
wealth owned by the taxpayer at the beginning of the
calendar year. Net wealth is defined as the value of all
property lessdebt.

Other Asian countries collect a fixed amount based on a
particular unit of land measurement. Laos collects a spe-
cific amount per square metre of land. In West Malaysia
the annual tax on land is a certain amount per 1,000
square feet.

Problems of administration. A number of difficulties
have been encountered in the administration of property
taxes. In general, these relate to the valuation of proper-
ty, collection of taxes, and the application of exemptions.

In Japan it was noted in a 1959 survey that the methods
of land valuation used by different municipalities resulted
in an unequal tax burden among landowners. Thus, the
assessed value of land averaged 16 percent of the market
price for urban land and 25 percent for rural land. To
correct this, a new method of valuation was introduced in
1964, but it led to 600—700 percent increase in the tax on
urban land. New adjustments had to be made, scaling
down the urban land tax to a more equitable level.

Real property in the Philippines is assessed at fair mar-
ket value, but only about 45 percent of the value istaxed.
In many localities, the existing assessment schedules are
based on values of a number of years ago. Moreover,
many taxable properties have not been included in the
assessment rolls because of the absence of tax maps and
other basic assessment tools. The need for these tools has
long been felt, but funds for their purchase and for the
employment of more assessment personnel have been
lacking. Another problem in the Philippines is under-
collection, resulting from inadequate collection tech-
niques, the low pay levels o collecting officias, and
a failure to apply sanctions for noncompliance.

A study of the property tax in South Korea in 1966
disclosed that the assessment base was very low in rela-
tion to market value. The actua property-tax rate had
continuously decreased until it was lower than its legal
rate. Buildings were found to be more heavily assessed
than land. The report recommended fundamental re-
forms in assessment procedures that would lead to the
adoption of a system based on market value.

In India the main problem of property taxation is basi-
cally that of assessment. Judicial decisions have required
the standard rent fixed under the Rent Control Act to be
considered the reasonable rent for the purpose of valua-
tion of the property. As a result, the annual rental value
of almost al urban property has remained frozen. There
is also a lack of proper machinery for correcting and
updating the assessment lists in most local bodies, which
have also been backward in collecting the tax. There is
also alack of competent personnel. Various study com-
mittees set up in India from 1951 to 1966 have recom-
mended: (1) imposition of a minimum statutory rate to
be uniformly applied; (2) abolition of the method of
assessment based on the Rent Control Act; (3) establish-
ment of an impartial and independent machinery for as-
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sessment; and (4) the vesting of independent agencies
with powersto recover arrears.

Prominent among the problems besetting the adminis-
tration of the property tax in many Asian countriesis the
lacklustre performance of assessors and collectors. Many
of the personnel are untrained, and many assessment and
collecting units are undermanned. Sometimes considera-
tions other than merit play a decisive role in the appoint-
ment of assessorsand collectors.

Another problem area of property taxation is that of
exemptions. Asian countries alow exemption for a wide
range of properties and assets. These can be generally
classified as follows: (1) those belonging to the govern-
ment —state, central, or local —and used for administra-
tive purposes; (2) those used for religious, charitable,
scientific, and educational purposes; (3) those with values
below a certain limit; (4) cemeteries or burial grounds;
and (5) property used by international organizations,
embassies, and consul ates.

The first category is common to aimost all Asian coun-
tries. Belonging to the second category are pagodas in
Laos and places used for sacrificial rites in South Korea.
In Japan exemption from the tax is accorded to assets
owned by organizations operated for public benefit; e.g.,
the Japan Red Cross Society and the National Health
Insurance Association. Lands held by homesteaders in
the Philippines, and reclaimed lands in South Korea, are
also exempt.

Preferential tax treatment is also used to encourage
building construction and land development. In Singa-
pore, property-tax rates are lower on buildings and va-
cant land in the less developed areas. In Japan, partial
exemptions are given to new fireproof residential build-
ings having apartments of lessthan a certain size.

The future of property taxation. While in Europe and
the United States the property tax has long been a stable
and productive source of revenue, in Asiaitsfull revenue
potential is still to be tapped. There are serious deficien-
ciesin the legidation and administration of property tax-
es. One barrier to reform is a dearth of statistical infor-
mation that would enable a systematic assessment of the
system's effectiveness. Any thoroughgoing reform will
also require resolute steps to rid the tax-collection ma-
chinery of the inept and the corrupt. Specific changes are
needed in the following areas: rate structure, classifica-
tion of property, exemptions, administration, and techni-
cal expertise. (A.QY)
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Prophecy
Prophecy, a religious phenomenon generally associated
with Judaism and Christianity, is found throughout the
religions of the world, both ancient and modern. In its
narrower sense, the term prophet (Greek prophétes,
"forthteller"') refers to an inspired person who believes
that he has been sent by his god with a message to tell. He
is, in this sense, the mouthpiece of his god. In a broader
sense, the word can refer to anybody who utters the will
of a deity, often ascertained through visions, dreams, or
the casting of lots; the will of the deity also might be
spoken in a liturgical setting. The prophet, thus, is often
associated with the priest, the shaman (areligious figure
in primitive societies who functions as a healer, diviner,
and possessor of psychic powers), the diviner (foretell-
er), and the mystic.

In a much broader sense, the term prophet has been
used in connection with social and religio-political re-
formers and leaders.

GENERAL CHARACTERISTICS OF PROPHECY

Nature and significance. A primary characteristic of
prophetic self-consciousness is an awareness of a cal,
which is regarded as the prophet's legitimization. This call
is viewed as ultimately coming from a deity and by means
of a dream, a vision, an audition, or through the media
tion of another prophet. The Old Testament prophet Jere-
miah's call wasin theform of a vision, in which Y ahweh
(the God o Israel) told him that he had already been
chosen to be a prophet before he was born (Jer. 1:5).
When the call of the deity is mediated through a prophet
who is the master o a prophetic group or an individual
follower, such a call can be seen as a mandate. Further-
more, such mediation means that the spirit of the prophet
master has been transferred simultaneously to the disciple.
In the case of cult prophets, such as the prophets of the
gods Baal and Yahweh in ancient Canaan, the call may
be regarded as a mandate of the cult.

Prophets were often organized into guilds in which they
received their training. The guilds were led by a prophet
master, and their members could be distinguished from
other members of their society by their garb (such as a
special mantle) or by physical marks or grooming (such
as baldness, a mark on the forehead, or scars of self-
laceration).

The nature of prophecy is twofold: either inspired (by
visions or revelatory auditions), or acquired (by learning
certain techniques). In many cases both aspects are pres-
ent. The goal of learning certain prophetic techniques is
to reach an ecstatic state in which revelations can be re-
celved. That state might be reached through the use of
music, dancing, drums, violent bodily movement, and self-
laceration. The ecstatic prophet is regarded as being filled
with the divine spirit, and in this state the deity speaks
through him. Ecstatic oracles, therefore, are generally de-
livered by the prophet in the first-person singular pronoun
and are spoken in a short, rhythmic style.

That prophets employing ecstatic techniques have been
called madmen is accounted for by descriptions of their
loss of control over themselveswhen they are "' possessed"
by the deity. Prophets in ecstatic trances often have ex-
perienced sensations of corporeal transmigration (such
as the 6th-century-sc Old Testament prophet Ezekiel and
the 6th-7th-century-ADfounder of Islam, Muhammad).
Such prophets are believed to have a predisposition for
such unusual sensations.

The functions of the prophet and priest occasionaly
overlap, for priests sometimesfulfill a prophetic function
by uttering an oracle of a deity. Such an oracle often
serves as part of a liturgy, as when ministers or priestsin
modern Christian churches read scriptural texts that be-
gin with the proclamation: “Thus says the Lord." The
priest, in this instance, fulfillsthe prophetic function of the
cult. Not only do the role, of the prophet and priest
overlap but so do the roles of the prophet and shaman. A
shaman seldom remembers the message he has delivered
when possessed, whereas the prophet aways remembers
what has happened to him and what he "' heard."

The diviner, sometimes compared with the prophet, per-
forms the priestly art of foretelling. Hisart isto augur the
future on the basis of hidden knowledge discerned almost
anywhere, as in the constellations (astrology), the flight
o birds (auspices), in the entrails of sacrificial animals
(haruspicy), in hands (chiromancy), in casting lots
(cleromancy), in the flames of burning sacrifices (pyro-
mancy), and other such areas of special knowledge (see
alSO DIVINATION; SHAMANISM).

Mystics and prophets are similar in nature in that they
both claim a specia intimacy with the deity. The mystic,
however, strives for a union with the deity, who usurps
control of his ego, whereas the prophet never loses con-
trol of hisego. On occasion mystics have delivered mes-
sages from the deity, thus acting in the role of a prophet,
and have been known to use ecstatic trances to reach the
divine o1 sacred world; e.g., many Roman Catholic saints
and Muslim Siifis (see aso MYSTICISM; SAINT).

In the Western world, Israelite prophecy is regarded as
unique, for not only did it oppose institutionalized reli-
gton but it is understood as having propagated an ethical
religion emphasizing individual freedom, a religion not
dependent on mechanical ritual and legalism.

The term prophecy also has been used in a strictly pre-
dictive sense, not necessarily dealing with religious
themes. I n this sense, The Communist Manifesto, by Karl
Marx and Friedrich Engels, was viewed as a " prophecy"
of things to come; a new approach that goes against the
traditional in literature, art, politics, and other areas may
—in this wider sense—be termed " prophetic."

Types of prophecy. The divinatory prophet. Types of
prophecy can be classified on the basis of inspiration,
behaviour, and office. Divinatory prophets include seers,
oracle givers, soothsayers, and mantics (diviners), all of
whom predict the future or tell the divine will in oracular
statements by means of instruments, dreams, telepathy,
clairvoyance, or visions received in the frenzied state of
ecstasy. Predictions and foretellings, however, may also
be the result of inspiration, or of common sense by the
intelligent observation of situations and events, albeit in-
terpreted from areligious point of view.

Thecult prophet. Of broad importance to the religious
community is the cult prophet, or priest-prophet. Under
the mandate of the cult, the priest-prophet (who may be
an ordinary priest) is part of the priestly staff of a sanctu-
ary, and his duty is to pronounce the divine oracular
word at the appropriate point in a liturgy. As such, he is
an "ingtitutional" prophet. The difference between a cult
prophet and a prophet in the classical sense is that the
latter has always experienced a divine call, whereas the
cult prophet, pronouncing the word of the deity under
cultic mandate, repeats his messages at a special moment
in the ritual. Because of the timeless character of cultic
activity, however, every time he prophesies, his message
isregarded as new.

The missionary prophet. Missionary (or apostolic)
prophets are those who maintain that the religious truth
revedled to them is unique to themselves alone. Such
prophets acquire a following of disciples who accept that
their teachings reveal the true religion. The result of this
kind of prophetic action may lead to a new religion; e.g.,
Zoroaster, Jesus, and Muhammad. The founders of many
modern religious sects also should be included in this
type.

The reformative prophet. Another t;g)e of prophet is
of the reformative or revolutionary kind (looking to the
past and the future), closely related to the restorative or
purificatory type (looking to the past as the ideal). The
best examples are the Old Testament classical prophets;
e.g., Amos and Jeremiah. Many of these so-called literary
prophets were working to reform the religion of Y ahweh,
attempting to free it from its Canaanite heritage and ac-
cretions. In the Arab world Muhammad is included in
this category. The social sympathy found among such
prophets is rooted in their religious conscience, What
may have been preached as religious reform, therefore,
often took on the form of socia reform. This kind of
prophecy isaso found in India and Africa, where proph-
ets in modern times have arisen to restore or purify
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the old tribal religiousforms, as well as the customs and
laws that had their sources in the older precolonia reli-
gious life. Many of these movements became revolution-
ary not only by force of logic but also by force of social
and political pressure (see alsO MESSIAH AND MESSIANIC
MOVEMENTS).

Though there may be several categories of prophecy
according to scholars, no sharp line of demarcation dif-
ferentiates among these different types. Any given proph-
et may be both predictive and missionary, ecstatic as well
asreformative.

PROPHECY IN THE ANCIENT NEAR EAST AND ISRAEL

The ancient Near East. In ancient Egypt, charismatic
prophecy apparently was not commonplace, if it occurred
at all, though institutional prophecy was of the greatest
importance because life was regarded as depending upon
what the gods said. Some ancient texts contain what has
sometimes been regarded as prophetic utterances, but
these more often are considered to be the product of wise
men who were well acquainted with Egyptian traditions
and history. Among Egyptian sages, historical events were
thought to follow a pattern, which could be observed and
the laws of which could be discerned. Thus, times of
hardship were always thought to be followed by times of
prosperity, and predictions were made accordingly.

In Egyptian mantic (divinatory) texts there are prophet-
ic sayings, but the particular concerns of these texts are
more political than religious. Some are fictitious, and
many are considered to have been prophesied after the
event has already taken place. The papyrus text "The
Protests of the Eloquent Peasant"” is considered by some
authorities as a prophecy, since the peasant is forced to
deliver speeches, saying: "Not shall the one be silent
whom thou hast forced to speak." This compulsion to
spesk in the name of the divine is called by some schol-
ars the "prophetical condition.”

In a Hittite text King Mursilis II (reigned 1339-06 BC)
mentions the presence of prophets, but there is no infor-
mation about the type of prophecy. More informative
are texts from Mari (Tall al-Hariri, 18th century Bc) in
northwest M esopotamia, where some striking parallels to
Hebrew prophecy have been discovered. The Mari proph-
ets—believed to be inspired—spoke the word d the
god Dagon just as Israelite prophets spoke the word of
Y ahweh.

In Mari, the two key words for prophet are mubpum
(an ecstatic, a frenzied one) and dpilum (the one who
responds). Both may be connected with the cult, but
there are incidents indicating that the mupjpum was not
bound to the cultic setting but received his messagein a
direct revelation from his god. The apilum usualy acted
within a group of fellow prophets. Many of their sayings
arepolitical in nature, but there are also oracles that deal
with the king's duty to protect the poor and needy, indi-
cating that an ethical dimension was present among the
Mari prophets. The messages could also contain admoni-
tions, threats, reproofs, accusations, and predictions of
either disaster or good fortune.

The Mari texts areimportant in the history of prophecy
because they reveal that inspired prophecy in the ancient
Near East dates back 1,000 years before Amosand Hosea
(8th century Bc) in Israel. From Mesopotamia there is
evidence of the mappu, the frenzied one, known in Su-
merian texts as the li-gub-ba. Mention also is made of
some prophets who spoke to Assyrian kings, and their
message is sometimes introduced with the clause: "Do
not fear."” Omina (omens) texts containing promises or
predictions are also known. In one of the maqlu ("oath")
texts, in which an asipu priest is being sent forth by
his god, the deity first asks "Whom shall | send?"

The baru (a divinatory or astrological priest) declared
the divine will through signs and omens, and thus by
some is considered to have been a prophet. Though he
might possibly have had visions, he was not in actuality
an ecstatic. The art of divination became very elaborate
in the course of time and required a long period of train-
ing.

Zoroaster, the 7th—6th-century-BClranian founder of
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the religion that bears his name, is one of the least well-
known founders of a religion because of the character of
the existing textual materials and because some scholars
have advocated that Zoroaster is a mythical figure. He
may have been, however, an ecstatic priest-singer, or za-
otar, who used special techniques (especially intoxica-
tion) to achieve a trance. Zoroaster found the priests and
cult of his day offensive, and opposed them. He preached
the coming of the kingdom of the god Ahura Mazda
(Ormazd), who is claimed to have revealed to Zoroaster
the sacred writings, the Avesta. In the Yasna (asection of
the Avesta), Zoroaster refersto himself as a Saoshyans, a
saviour. Messianic prophecies of the end of the world are
found in Zoroastrian literature, but these are more a
literary product than actual prophetic utterance (see also
ZOROASTRIANISM AND PARSIISM) .

Prophets were a common phenomenon in Syria-Pales-
tine. In an Egyptian text (11th century Bc), Wen-Amon
(a temple official at Karnak) was sent by the pharaoh
to Gebal (Byblos) to procure timber. While there, a
young noble of that city was seized by his god and in
frenzy gave a message to the king of Gebal that the
request of Wen-Amon should be honoured. In another
instance, an Aramaic inscription from Syria records that
the god Baal-shemain told King Zakir (8th century Bc)
through seers and diviners that he would save the king
from his enemies. These chapters revea the close con-
nection between sacrificial rites and divine inspiration. In
the Old Testament book of Numbers, chapters 22-24,
the Mesopotamian prophet Balaam (who may have been
a malhu) from Pethor, whom the Moabite king Balak
had asked to curse the invading Israelites, is mentioned.
In chapter 27, verse 9, of Jeremiah, another Old Testa-
ment book, it is said that prophets, diviners, and sooth-
sayers were in the neighbouring countries of Judah: in
Edom, Moab, Ammon, Tyre, and Sidon. Since so little
is known about these prophets, the question of the unique-
ness o Hebrew prophecy is difficult to assess (see aso
NEAR EASTERN RELIGIONS, ANCIENT).

Origins and development of Hebrew prophecy. The
Hebrew word for prophet is navi', usually considered to
bc a loan word from Akkadian naba, naba’um, "to pro-
claim, mention, call, summon." Also occurring in He-
brew are hoze and ro'e, both meaning "seer,” and nevi’a
(" prophetess™).

Though the origins of Israelite prophecy have been
much discussed, the textual evidence gives no informa-
tion upon which to build a reconstruction. When the
Israelites settled in Canaan, they became acquainted with
Canaanite forms of prophecy. The structure of the
prophetic and priestly function was very much the same
in Israel and Canaan. Traditionally, the Israelite seer is
considered to have originated in Israel's nomadic roots,
and the nnvi' is considered to have originated in Canaan,
though such judgments are virtually impossible to sub-
stantiate. In early Israelite history, the seer usually ap-
pears alone, but the navi' appears in the context of a
prophetic circle. According to | Samuel, there was no
difference between the two categories in that early time;
the terms navi' and ro’e seem to be synonymous. In
Amos, hoze and navi' are used for one and the same
person. In Israel, prophets were connected with the sanc-
tuaries. Among the Temple prophets officiating in litur-
gies were the Levitical guilds and singers: the "sons” of
Asaph, Heman, Jeduthun, who are said to " prophesy with
lyres, with harps, and with cymbals' (I Chronicles).
Other prophetic guilds are also mentioned. Members of
these guilds generally prophesied for money or gifts
and were associated with such sanctuaries as Gibeah,
Samaria, Bethel, Gilgal, Jericho, Jerusalem, and Ramah.
Jeremiah mentions that the chief priest of Jerusalem
was the supervisor of both priests and prophets, and
that these prophets had roomsin the Temple buildings. I n
pre-exilic Israel (before 587/586 BC), prophetic guilds
were a social group as important as the priests. Isaiah
includes the navi' and the gosem (“diviner,” "soothsay-
er'') among the leaders of Israelite society. Divination in
the pre-exilic period was not considered to be foreign to
Israelite religion.
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In reconstructing the history of Israelite prophecy, the
prophets Samuel, Gad, Nathan, and Elijah (11th to 9th
centuries Bc) have been viewed as representing a transi-
tional stage from the so-called vulgar prophetism to the
literary prophetism, which some scholars believed repre-
sented a more ethical and therefore a "higher form of
prophecy. The literary prophets also have been viewed as
being antagonistic toward the cultus. Modern schol-
ars recognized, however, that such an analysis is an over-
simplification of an intricate problem. It is impossible to
prove that the nevi’im did not emphasize ethics simply
because few of their utterances are recorded. What is
more, none of the so-called "transitional™ prophets was a
reformer or was said to have inspired reforms. Samuel
was not only a prophet but also a priest, seer, and ruler
(""judge™) who lived at a sanctuary that was the location
of a prophetic guild and furthermore was the leader of
that navi’ guild. In the cases of Nathan and Gad there are
no indications that they represented some new develop-
ment in prophecy. Nathan's association with the priest
Zadok, however, has led some scholars to suspect that
Nathan was a Jebusite (an inhabitant of the Canaanite
city of Jebus).

Elijah was a " prophet father” (or prophet master) and a
prophet priest. Much of his prophetic career was directed
against the Tyrian Baal cult, which had become popular
in the northern kingdom (lIsrael) during the reign (mid-
9th century Bc) of King Ahab and his Tyrian queen,
Jezebel. Elijah's struggle against this cult indicated a reli-
gio-political awareness, on his part, of the danger to Yah-
weh worship in Israel; namely, that Baal of Tyre might
replace Y ahweh asthe main god of Israel.

The emergence of classica prophecy in Israel (the
northern kingdom) and Judah (the southern kingdom)
begins with Amos and Hosea (8th century Bc). What is
new in classica prophecy is its hostile attitude toward
Canaanite influences in religion and culture, combined
with an old nationalistic conception of Yahweh and his
people. The reaction of these classical prophets against
Canaanite influences in the worship of Yahweh is a
means by which scholars distinguish Israel's classical
prophets from other prophetic movements of their time.
Essentially, the classical prophets wanted a renovation of
the Yahweh cult, freeing it from all taint of worship of
Baal and Asherah (Baal's female counterpart). Though
not all aspects of the Baal-Asherah cult were completely
eradicated, ideas and rituals from that cult were re-
thought, evaluated, and purified according to those
prophets' concept of true Yahwism. Included in such
ideas was the view that Y ahweh was a jealous God who,
according to the theology of the psalms, was greater than
any other god. Yahweh had chosen Israel to be his own
people and, therefore, did not wish to share his people
with any other god. When the prophets condemned cultic
phenomena, such condemnation reflected a rejection of
certain kinds of cult and sacrifice— namely, those sacri-
fices and festivals not exclusively directed to Y ahweh but
rather to other gods. The prophets likewise rejected litur-
giesincorrectly performed. The classical prophets did not
reject all cults, per se; rather, they wanted a cultus
ritualy correct, dedicated solely to Y ahweh, and produc-
tive of ethical conduct. Another important concept, ac-
cepted by the classical prophets, was that of Yahweh's
choice of Zion (Jerusalem) as his cult site. Thus, every
cult site of the northern kingdom of Israel and all the
sanctuaries and bamor ("high places") were roundly con-
demned, whether in Israel or Judah.

Amos, whose oracles against the northern kingdom of
Israel have been misunderstood as reflecting a negative
attitude toward cultus per se, simply did not consider the
roya cult of the northern kingdom at Bethel to be a
legitimate Y ahweh cult. Rather, like the prophet Hosea
after him. Amos considered the Bethel cult to be Canaan-
ite.

Prophets of the ancient Near East generally interjected
their opinions and advice into the political arena of their
countries, but in this regard the classical Hebrew proph-
ets were perhaps more advanced than other prophetic
movements. They interpreted the will of God within the

context of their particular interpretation of Israel's histo-
ry, and on the basis of this interpretation often arrived at
a word of judgment. Important to that interpretation of
history was the view that Israel was an apostate people—
having rejected a faith once confessed—from the very
earliest times, and the view that Y ahweh's acts on behalf
of his chosen people had been answered by their worship
of other gods. In this situation, the prophets preached
doom and judgment, and even the complete destruction
of Israel. The source of propheticinsight into these mat-
ters is the cultic background of liturgical judgment and
salvation, wherein Y ahweh judged and destroyed his ene-
mies, and in so doing created the "ideal" future. What is
totally unexpected is that the prophets would go so far as
to include Israel itself as among Y ahweh's enemies, thus
using these ideas against their own people. Usually, how-
ever. the prophets allowed some basis for hope in that a
remnant would be left. The future of this remnant (Isra-
el) lay in the reign of an ideal king (as described in
Isaiah), indicating that the prophets were not antiroyal-
ists. Though they could and did oppose individual kings,
the prophets could not make a separation between Y ah-
weh and the reign of his chosen king or dynasty. Their
messianic ideology, referring to the messiah, or anointed
one, is based on old royal ideology, and the ideal king is
not an eschatological figure (one who appears at the end
of history). In this respect, the prophets were national-
istic; they believed that the ideal kingdom would he in
the promised land, and its centre would be Jerusalem.

With the Exile of the Judaeans to Babylon of 586 sc,
prophecy entered a new era. The prophecies of what is
called Deutero-lsaiah (Isaiah 40-45), for instance, were
aimed at preserving Y ahwism in Babylonia. His vision of
the future went beyond the pre-exilic concept of a rem-
nant and extended the concept into a paradisiacal future
wherein Yahweh's new creation would be a new Israel.
This tone of optimism is continued in the prophetic ac-
tivity (late 6th century Bc) of Haggai and Zechariah,
prophets who announced that Y ahweh would restore the
kingdom and the messianic vision would come to pass.
Prerequisite to this messianic age was the rebuilding of
the Temple (which was viewed as heaven on earth).
When, however, the Temple had been rebuilt and long
years had passed with neither the kingdom being restored
nor the messianic age initiated, Israelite prophecy de-
clined.

There is a tendency in prophetic preaching to spiritual-
ize those aspects of religion that remain unfulfilled; here-
in lie the roots of eschatology, which is concerned with
the last times, and apocalyptic literature, which describes
the intervention of God in history to the accompaniment
of dramatic, cataclysmic events. Since the predictions of
the classical prophets were not fulfilled in a messianic age
within history, these visions were translated into a
historical apocalypse, such as Daniel. Why prophecy died
out in Israel isdifficult to determine, but Zechariah offers
as good an answer as any in saying that the prophets 'in
those days" told lies. Prophets did appear, but after Mala-
chi none gained the status of the classical prophets. An-
other reason may be found in Ezra's reform of thecult in
the 5th century BC, in which Yahwism was so firmly
established that there was no longer any need for the old
polemicsagainst Canaanite religion.

Prophecy and apocalyptic literature. With the advent
of postexilic Judaism (Ezra and after), including its em-
phasison law and cult, there was not much room left for
prophecy. The prophetic heritage was channelled through
the teaching of their words. What remained of prophetic
activity was expressed in various literary works that
claimed esoteric knowledge of the divine purpose. The
apocalyptic writers saw themselves as taking over and
carrying on the prophetic task, but they went beyond
the prophets in their use of old mythological motifs. The
events they described had usually occurred long ago, but
their recounting of these events was for the purpose of
hinting and even predicting the events of the future.
There was a far greater emphasis upon predictive specu-
lation about thefuture than on the prophetic analysisand
insight into history. The apocalyptic authors wrote pseu-
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donymously, using the names of ancient worthies (such
as Adam, Enoch, Abraham, Daniel, and Ezra). Theliter-
ature is predominantly prose, but that of the classical
prophets was predominantly poetry. Apocalyptic lan-
guage is lavish in its use of fantastic imagery, frequently
using riddles and numerical speculations. |n apocalyptic
literature angelology came into full blossom, with ac-
counts of fallen angels (fallen stars) caught up in the
forces opposed to God, frequently pictured in the old
mythological motif of the struggle between darkness and
light. Wild beasts symbolized peoples and nations, and
there were esoteric calculations and speculations about
the different eras through which history was passing as
the world approached the eschaton (the consummation
of history).

Dominant in apocalyptic literature is the theme of
God's sovereignty and ultimate rule over all the universe.
The message of the apocalyptic writers is one of both
warning of the doom to come at the end of history, and
hope in the new age beyond history under the rule of
God, when the righteous will be vindicated.

Prophecy and prophetic religion in postbiblical Ju-
daism. Though prophecy did not cease functioning in
early Judaism, rabbinical Judaism—that influenced by
rabbis, scholars, and commentators of the Bible— sought
to limit it by advocating the pre-exilic era as the classical
time of prophecy. Prophecy was not suppressed, but it
came to be encircled by the law (Torah) in that all
prophecy had to be in harmony with Torah, which was
the definitive revelation of God's will. Thus, rabbinical
Judaism gave prophecy its place of importance, but only
as a phenomenon of the past. Such a theological stricture
could not restrain the charismatic, eschatologically ori-
ented patriots who arose during the time of Roman hege-
mony (mid-1st century Bc-4th century Ap). One rabbi,
Akiba ben Joseph, joined with a messianic pretender,
Simeon bar Kokhba (ber Kochba), in a revolt (132-
135) and functioned as a prophet within that movement.

Some prophets are known from the period of Hellenistic
Judaism. | Maccabees, chapter 14, relates that Simon
Maccabeus, who finally secured political independence
for Judaea in 142 Bc, was chosen as “leader and high
priest forever, until a trustworthy prophet should arise."
The same notion of a prophet soon to appear is expressed
in chapter 1 of | Maccabees. The Hasmonean (Macca-
bean) prince John Hyrcanus (reigned 135-104 &c) was
regarded as fulfilling these expectations and was called a
prophet by the 1st-century Ap Jewish historian Josephus
(Jewish War). Josephus also mentions some Zealots
(Jewish revolutionaries) as prophets and also one Jesus,
son of Ananias, whoin Apb 62 predicted the destruction of
the Temple and the defeat of the Jews. Josephus also
mentions the seer Simon, a prophet leader (Antiquities),
and Menahem, who prophesied in the 1st century BcC.
Among the followers of Judas Maccabeus, the leader of
the 2nd-century-sc revolt, there apparently were persons
who divined knowledge of the future. These and other
notations indicate that seers and prophets played an im-
portant role in the intertestamental and postbiblical peri-
ods.

Jewish theology in Alexandria (Egypt) took up early
rabbinical ideas and postulated that the will of God was
to be discerned in the Torah and affirmed that the inter-
pretation of law succeeded both the prophetic office and
the role of sages. The law was thus considered to be
superior to prophetic teaching. The Jewish philosopher
Philo of Alexandria (c. 30 Bc-after ap 40) affirmed that
the Jews are a people of prophets. He also asserted that
when a prophet has reached the fourth and final stage of
ecstasy he is ready to become an instrument of divine
power. Though Philo was influenced by Hellenistic con-
cepts of prophecy, his basic foundation was till the Old
Testament. Later rabbis believed that prophecy, though it
was a gift from the world beyond, till required some
knowledge. I n rabbinic discussions of the nature of truth,
it was generally held that reason alone was necessary but
insufficient; prophecy could supply what was missing.

The medieval Jewish philosopher Maimonides under-
stood prophecy as an emanation from God to theintellect
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of man. Thus, prophecy could not be acquired by human
effort. The divine gift of prophecy was bestowed upon
those with both mental and moral perfection, combined
with the presence of superior imagination. Opponents of
this view advocated that Maimonides' concept of prophe-
cy was not Jewish because Jewish prophecy always
showed itself to be miraculous (see also JubAISM; JuDA-
19Vl, HISTORY OF).

PROPHECY IN CHRISTIANITY

Divination and prophecy in the Hellenistic world. The
problem of false prophetsthat occurred in Old Testament
times also occurred in the early Christian communities.
Prophets and diviners were widespread throughout the
Hellenistic world. The Greek prophétés was not only a
forthteller but also an interpreter of divine messages. In
addition, there were mantics (from the Greek mantis) —
i.e., visionary seers—whose visions were interpreted by
prophets, soothsayers, divinersof all kinds, and especially
astrologers. The impetus for much of this activity came
from Babylonia. The influx of new religions from the
East brought a profusion of astrologers and prophets.
Many schools of astrology were founded throughout the
Hellenistic world, and old schools of philosophy became
very much occupied with astrology.

New Testament and early Christianity. Prophecy in
the New Testament is seen as both a continuation of Old
Testament prophecy as well as its fulfillment. For New
Testament authors, the correct interpretation of Old Tes-
tament prophecy is that it speaks in foto of Christ. To
prove their point, they often cite passages of Old Testa-
ment prophecy that are then elucidated as the words of
God about Christ. New Testament writers follow Jesus
himself in this matter, and Jesus istaken to be the prophet
that was promised in Deuteronomy (see John 1:45, cf.
5:39, 6:14; Acts 3:22 f.). Jesus regarded himself as a
prophet, and so did some of his contemporaries. One
special aspect of the prophetic image, however, is missing
in Jesus: he was not an ecstatic, although supernatural
revelations are found in connection with him; e.g., the
transfiguration of Jesusaswitnessed by some of his Apos-
tles on Mt. Tabor. In these New Testament descriptions
of the transfiguration, Jesus is proclaimed to be the Son
of God in words borrowed directly from Old Testament
enthronement ritual. As a prophet, Jesus predicted his
own death, his return asthe Son of man at the end of the
world, and the destruction of the Jerusalem Temple. At
many points, Jesus is compared with and interpreted by
the classical prophets in New Testament writings: his
death— seen as the martyrdom of a prophet, his suffer-
ings, and even hisidentity.

Though the New Testament describes Jesus as a proph-
et, he is at the same time believed to be more than a
prophet: he is the expected Messiah (Greek christos,
“anointed one™), predicted by prophets of old, who
should reign as the Son of David and the Son of God. The
royal ideology of the Old Testament was most important
to early Christianity, for herein lay the seeds of its doc-
trines of Christ (see also MEsSSIAH AND MESsIANIC MOVE-
MENTS).

Several prophets are mentioned in the New Testament.
One, Zechariah, is said to have perished "between the
altar and the sanctuary" (Luke). Reference to his death
isincluded by the Gospel writers because he was the last
prophet before Jesus to have been killed by the Jews.
Zechariah, the father of John the Baptist, uttered the
Benedictus ("Blessed,”" the initial Latin word of the
prophetic song) under the inspiration of the spirit. His
wife, Elizabeth, also was described as being inspired by
the spirit.

Others are Simeon, the prophetess Anna, and John the
Baptist. These prophets are conceived by the New Testa-
ment writers as the termination of Old Testament proph-
ecy, a concept also expressed by Jesus with reference to
John the Baptist.

The New Testament mentions several prophetic figures
in the early church. Among them are Agabus of Jerusa-
lem; Judas Barsabbas and Silas, who also were elders of
the Jerusalem Church; the four prophesying daughters of
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Philip the evangelist; and John, the author of Revelation.
The term prophet is used with reference to an officein the
early church along with evangelists and teachers, and the
recipient of the letter bearing his name, Timothy, is
called both a minister and a prophet. The prophet's role
in the early church was to revea divine mysteries and
God's plan of salvation. Paul instructed his followers in
the correct use of prophecy, and evaluated it as more
beneficial to the life of congregations than ecstatic glosso-
lalia (speaking in tongues). He considered prophecy to
be the greatest spiritual gift from God, and in hisview a
prophet therefore ranks ahead of evangelists and teach-
ers. With all this prophetic activity, the problem of false
prophecy was crucial, and warnings against it abound in
the New Testament. The most dangerous of the false
prophetsis predicted in the book of Revelation to John as
yet to come. Many of these prophets, viewed as magicians
and exorcists, are condemned for inducing chaos and for
leading people astray. Therefore al prophetic activity
had to be examined.

In the period immediately after the Apostles, prophets
continued to play an important leadership role in the
church, sometimes being called high priests. They were
the only ones permitted to speak freely in the liturgy
because of their inspiration by the Holy Spirit. Gradual-
ly, however, the liturgy became more and more fixed, and
less freedom and innovation was permitted; this change,
combined with the threat of false prophecy, eliminated
these charismatic personalities. Among the heretical sects
that advocated a return to prophetic activity, Montanism
(2nd century), led by the prophet Montanus, advocated
that the spirit of truth had come through Montanus. The
freedom of doctrinal innovation that Montanus advocat-
ed could well have led to doctrinal anarchy, and the result
of the struggle against this heresy was the suppression of
charismatic prophecy, wherein ecstatic inspiration came
to be viewed by the church as demonic.

Another prophet who created a problem in the early
church was Mani — the 3rd-century founder of a dualistic
religion that wasto bear his name (Manichaeism)—who
considered himself to be the final messenger of God, after
whom there was to be no other.

Propheticand millenarian movementsin later Christian-
ity. In Western medieval church doctrines and rituals,
active prophecy had no place. Prophetic activity was car-
ried on, however, through holy orders. Mystically orient-
ed holy men would sometimes appear as prophets with
a special message, and even ecstatics found their places
within the monasteries. | n Eastern Christianity, monastic
life stressed training in mystical experience.

Throughout Christian history there have been millenari-
an movements, usually led by prophetic-type personali-
ties and based on the New Testament belief in Christ's
return. Their basic doctrine is chiliasm (from Greek chi-
lioi, ""thousand"), which affirms that Christ will come to
earth in a visible form and set up a theocratic kingdom
over all the world and thus usher in the millennium, or
the 1,000-year reign of Christ and his elect.

The early and medieval church hierarchy generally op-
posed chiliasm because such movements often became
associated with nationalistic aspirations. Though the key
leaders of the Protestant Reformation opposed chiliasm.
and therefore minimized its effects upon the emergent
denominations (e.g., Lutheran, Calvinist, and Anglican),
chiliasm did influence Anabaptist circles (radical refor-
mation groups), and through them chiliastic ideas in-
fluenced Protestant Reformed theology and have ap-
peared in reform movements, such as Pietism in Lutheran
churches, and various revivalistic movements.

PROPHECY IN ISLAM

The centrality of prophecy in Islim. Pre-Islamic
prophecy in Arabia was no different in character from
other Semitic prophecy. Pre-Islamic termsfor prophet are
‘arraf and kahin ("seer,"” cognate to Hebrew cohen,
"priest"). The kahin could often be a priest, and as a
diviner he was an ecstatic. The kahin was considered to
be possessed by a jinnt (“spirit"), by means of whose
power miracles could be performed. Also, poets were

considered to be possessed by a jinni through whose
inspiration they composed their verses. The importance
of the seers and diviners was noted in all aspects of life.
Any problem might be submitted to such men, and their
oracular answers were given with divine authority. It is
not surprising, therefore, to find that a kahin often be-
came a sheikh, a temporal leader, and there were in-
stances in which the position of kahin was hereditary.

It was against this background that the founder of Is-
lam, Muhammad, appeared. During his early career in
Mecca (in Arabia) he was considered by his tribes-
men, the Quraysh, to be only another jinni-possessed
kahin. His utterances during this time were delivered in
the same rhymed style as that used by other Arab proph-
ets and were mostly the products of ecstatic trances. At
about 40 years of age Muhammad experienced the
promptings of the one god, Allah, and retreated into the
solitude of the mountains. These retreats served psycho-
logically as preparations for his later revelations. The
central religious problem of Muhammad was the fact
that Jews had their sacred scriptures in Hebrew, and
Christians had theirs in Greek, but there was no written
divine knowledge in Arabic. Muhammad's preoccupation
with this concern, along with a sense of the coming Day
of Judgment, became the seeds of his new religion. Con-
templation had matured Muhammad, and biographers
point out that, as one may conclude from the Qur'Bn,
Muhammad received the divine call in avision. His ec-
static revelations were in the form of auditions, usually
involving the angel Gabriel reading the divine message
from a book. The illiterate Muhammad had his wife
Khadijah, who was 15 years his senior, record them, and
they are preserved in the Qur'Bn. Because thisis believed
to be a verbatim copy of the Heavenly Book, literally the
words of Allah himself, it cannot be questioned.

Muhammad considered himself to be more than a mere
prophet (ndabi); he thought of himself as the messenger
(rasal) of Allah, the final messenger in along chain that
had begun with Noah and run through Jesus. As Allah’s
rastil, Muhammad saw his first mission to be that of
warning the Arab peoples of the impending doomsday.
No doubt Muhammad was influenced by the Judeo-
Christian tradition in his concept of the Day of Judg-
ment, as well asin his concept of himself as a prophet.
Muhammad, who had felt at one time that Arabs were
religiously inferior to Jews and Christians, became the
medium of revelations that created Islam, and raised the
Arabs in Muhammad's own evaluation to a status equal
with that of the other two religions.

After Ap 622, when Muhammad left Mecca and found
refuge in Medina, ecstatic revelations began to play a
secondary role in his prophecy — dueto his political con-
cerns—and not only does the rhymed prose of his mes-
sage give way to more conventional prose but the content
is more obviously the product of reasoned reflection on
all aspectsof life.

TheQur’anic doctrinesof prophecy. An official Isliam-
ic view, and aso that of Muhammad himself, was that
Muhammad was the final Prophet. The Qur'Bn mentions
those men who are considered to have imparted divine
knowledge: Adam, Noah, Abraham, Isaac, Jacob, Mo-
ses, David, and Jesus. Noneof these revealed Allah’s mes-
sage in full, since they were sent only to one nation.
Muhammad, on the other hand, was sent to all nations
and also to the jinn. The messages of the prophets before
Muhammad were believed to have been either forgotten
or distorted, but Islam claims that the QurBn both cor-
rects and confirms the sayings of the earlier prophets;
Muhammad is the "seal of the prophets”; i.c., the end of
prophecy. All prophecy before Muhammad isincomplete
and pointsto the coming of thefinal revelation.

The prophetic activity of Muhammad serves as the
foundation of Istam and Muslim society. The incom-
parable revelations of Muhammad are believed to have
brought true monotheism into the world, to which noth-
ing can be added or taken away. Thus, there isno more
need of prophets or revelations (see also QUR’AN).

Later theological and philosophical doctrines. After
the death of Muhammad, the expansion of Islam brought
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it into contact with the world at large, and a Muslim
culture (involving science, philosophy, and literature)
emerged, partially as a result of the Muslim acquisition
of Byzantine culture. Christians and Jews became ad-
visers and officials in Muslim courts. Christian philos-
ophers introduced Muslim students to the works of
the 4th-century-Bc Greek philosopher Aristotle and to
Neoplatonism (a philosophical system concerning the
complex levels of reality), to theories about the nature of
man, to theology, to the nature of existence, and to cos-
mology. Philosophical discussions about God, however,
leave little or no room for prophets, and the savant dis-
placed the prophet as the one proclaiming the will of
God. As religious leaders, the savants were the keepers of
sunnah (the life and habits of the prophet) and hadith
(traditions about Muhammad's utterances and actions),
which are supplements to the Qur’an. Study of hadith and
sunnah contributed to the beginning of scholarly and
scholastic activities in Islam, from which study emerged
the Muslim system of duties and obligations (figh). Mus-
lim theology began in the formulation of the doctrine of
the general consensus (ijma‘), which was used to deter-
mine what was genuine sunnah. None ventured to ques-
tion that Alldh was the only God, that Muhammad was
his prophetic messenger, or that the Quran was Allah’s
word; to have done so would have been tantamount to
admitting that one was not aMuslim.

Scholastic philosophy was first introduced openly into
Muslim theology by al-Ash'ari (10th century) who was
the first to give Islam a systematic exposition. Another
theologian, Ibn Sina (Avicenna), considered prophecy
still to be a fundamental aspect of Islam, but for him, a
prophet was not the spirit-possessed spokesman of God
but rather an intelligent, intuitive man whose insight re-
sults in a place of leadership in society. Another philos-
opher, Ibn Rushd (Averroes), denied the belief that
man's knowledge could ever be the same as God's knowl-
edge; he also denied doctrines of predestination and
corporeal resurrection, both of which were aspects of
Muhammad's message.

Propheticfigures after Muhammad. Thefact that Mu-
hammad was considered to be the fina prophet did not
end prophecy in Islam. After Muhammad's death, several
seers proclaimed themselves his successors. Muhammad
had designated no one to succeed himself, and left no
sons. Abi Bakr, the father of Muhammad's wife ‘A’ishah,
was chosen caliph (Arabic khalifah, "' substitute, deputy"),
but this did not discourage othersfrom claiming that they
were called of Allah and thus trying to lead their own
tribes as Muhammad had led his. Such movements were
crushed by force, which contributed to the rapid expan-
sion of Islam.

Some prophets claimed that they were long-awaited
saviour-deliverers (mahdi, "restorer of the faith") and
even gained some following beyond their own local
tribes. Muhammad Ahmad ibn as-Sayyid 'Abd Alléh of
the Sudan preached a holy war against Egypt (1881) and
fought and defeated the British governor-general C.G.
Gordon at Khartoum in 1885. In India (Punjab), Mirza
Ghulan Ahmad claimed that he had received the spirit
of Jesus and that he was a prophet-messiah. He recorded
his revelationsfrom Allah in a book. Considering himself
to be the Christ to his generation, he set out to reform
Islam by liberalizing strict orthodoxy, yet avoiding the
extremes of the pro-western movements of histime. He
gained a large following among middle-class Muslims,
but was soon disowned by orthodox Islam. His sect (Ah-
madiyah), though small in numbers, hasthrough its mis-
sionary activities spread over much of the world. Its so-
cio-political stanceissimilar to that of the Black Muslims
of the United States (see aso i1sLAM).

PROPHECY IN OTHER RELIGIONS

Pronhetic movements and fieures in the Eastern re-
ligions. Buddhist literature contains predictions of a
certain Buddha Maitreya, who will come as a kind of
saviour-messiah to inaugurate a paradisaical age on
earth. Gautama the Buddha himself, the 6th-century-Bc
founder of Buddhism, mentioned this prediction. Among
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the Hindus, the Purana literature (“old history™) con-
tains prophetic passages, but these are to be understood as
predictions after the event has occurred. Hindu religion
has had many prophetic reformers, and the tribes of In-
dia, in their struggle for freedom, have produced proph-
ets who combined the ideas of religiousfreedom with the
hope of political and social freedom. The Oraons, a tribe
in Chota Nagpur, saw several prophets (bhagats) appear
around the turn of the 20th century. Their intent was to
free their people from foreign culture and political rule,
returning to the older Hindu culture and religion. Such
effortsoften led to armed rebellion and ended in disaster.

In ancient China, divination was commonplace. One
Confucian book involving divination, the "Classic of
Changes," may have been connected with pre-Han Con-
fucianism (before the 3rd century Bc). Classical Confu-
cian religion, however, emphasized the importance of
rational process over inspiration and divination. Auto-
cratic governments eliminated any such revolutionary,
prophet-led movements as occurred in India, and any
prophecy against the establishment was regarded as he-
retical. Inspired prophecy found little place in the official
state religion. This situation did not rule out prophecy in
folk religion, in which prophets appeared and promised
their followers the good life in thisworld and in the next.
In modern times, some of these movements became reli-
gio-political movements, as when Hung Hsiu-Ch'lian, an
ecstatic epileptic noble of the middle 19th century, started
a movement called the Taiping (" Great Peace"), a sect
claiming that it was establishing the correct political or-
der anew. Hung's movement — perhaps under the impact
of Protestant missions—was quite austere, and it opposed
magic, idols, and belief in spirits. He considered the New
Testament to be authoritative for his new sect, and its
rapid growth— aided by connections with other revolu-
tionary movements— soon resulted in a genuine danger to
the Manchu ruler of China. The Taiping Rebellion was
crushed by Gordonin 1864.

Diviners and shamans (male and female) are well rep-
resented in old Japanese Shintb. Japanese shamanism,
which was closely related to Korean shamanism, often
played a role in political disturbances and still does.
Among old Japanese Buddhist sects is that founded by
Nichiren (13th century Ap), a prophetic enthusiast, reli-
gious revivalist, and zealous nationalist who taught that
the Japanese people were the chosen people of God. In
the Shinto revival movements of the 18th and 19th centu-
ries, inspired persons with eschatological conceptsfound-
ed movements that became messianic in character, and
drew many of their followers from among the farmers,
many of whom had practiced a Buddhist folk piety.

Prophetic movements and figures in the primitive re-
ligions. In many primitive religions, especially those
of Africa, shamans, seers, and prophets are quite com-
mon. The same distinction between technical divination
and charismatic prophecy isto be found in these cultures
asin the ancient Near East. When it is possible to trace
the history of prophetic activity in Africa, scholars usu-
aly find that it arises in times of confrontations with
foreign cultures and with the advent of new religions. A
sharp distinction between the diviner and the prophet
cannot always be maintained, for diviners sometimes ap-
pear as prophets. A diviner may hear the voice of a god
or spirit in hisdreams and visions (in Zulu heis called a
"dreamhouse™) and receive a message. Some prophets,
avowing a call, deny any training in prophecy. There are
many parallelswith the “rebel” prophets of India. Ecstat-
ic prophets have played an important role not only in
chiliastic and messianic movements but also in those
movements opposing imperialism and European coloni-
zation of Africa. Their goal wasandisa returnto theold
African culture and religion. Eschatological motifs have
often been used in the prophetic preaching of tribal and
national movements aspiring for freedom. Many of these
prophets took up Christian ideas. Nxele, a 19th-century
prophet of the South African Xhosas, preached the return
of the dead on a certain day, and his successor, Mland-
sheni, claimed to be the reincarnation of Nxele. He and
others like him were healers and miracle workers.
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Some of the prophetic founders of reform movements,
which often were more political than religious, became
messianic figures. Other prophets started out as Christian
converts but came to a strong awareness that God had
destined them to separate from their churches and lead
syncretistic movements (fusions of various sources), al
of which incorporate aspects of old African religion and,
often, allow polygamy. In all these movements, syncretistic
or not, there are also many prophetesses.

Prophets also have been found among American Indi-
ans. In 1675, a medicine man, Popé, arose as a prophetic
leader among the Pueblo Indians. H e preached the end of
Spanish tyranny and a restoration of Indian sovereignty.
At the height of the movement, several massacres took
place, along with the burning of various church buildings
(see also NATIVISTIC RELIGIOUS MOVEMENTS).
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Prosody

Asit has come to be defined in modern criticism, the term
prosody encompasses the study of all of the elements of
language that contribute toward acoustic and rhythmic
effects, chiefly in poetry but also in prose. The term de-
rived from an ancient Greek word that originally meant a
song accompanied by music or the particular tone or
accent given to an individual syllable. Greek and Latin
literary critics generally regarded prosody as part of
grammar; it concerned itself with the rules determining
the length or shortness of a syllable, with syllabic quanti-
ty, and with how the various combinations of short and
long syllables formed the metres (i.e., the rhythmic pat-
terns) of Greek and Latin poetry. Prosody was the study
of metre and itsusesin lyric, epic, and dramatic verse. In
sophisticated modern criticism, however, the scope of
prosodic study has been expanded until it now concerns
itsedf with what the 20th-century poet Ezra Pound called
"the articulation of the total sound of a poem.”

Prose as well as verse reveals the use of rhythm and
sound effects; however, critics do not speak of *'the pros-
ody of prose" but of prose rhythm. The English critic
George Saintsbury wrote A History of English Prosody
fromthe Twelfth Century fo the Present (3 vol., 1906-10),
which treats English poetry from its origins to the
end o the 19th century; but he dealt with prose rhythm
in an entirely separate work, A History of English Prose
Rhythm (1912). Many prosodic elements such as the
rhythmic repetition of consonants (alliteration) or of
vowel sounds (assonance) occur in prose; the repe-
tition of syntactical and grammatical patterns also gen-
erates rhythmic effect. Traditional rhetoric, the study
of how words work, dealt with acoustic and rhythmic
techniques in Classical oratory and literary prose. But al-
though prosody and rhetoric intersected, rhetoric dealt
more exactly with verbal meaning than with verbal sur-
face. Rhetoric dealt with grammatical and syntactical
manipulations and with figures of speech; it categorized
the kinds of metaphor. Modern critics, especially those
who practice the New Criticism, might be considered
rhetoriciansin their detailed concern with such devices as
irony, paradox, and ambiguity. These subjects are dis-
cussed at greater length in the articles RHETORIC; LITER-
ARY CRITICISM.

This article will discuss prosody chiefly in terms of the
English language—the only language that all of the read-
ersd thisarticle may be assumed to know. Some examples
are given in other languages to illustrate particular points
about the development of prosody in those languages;
becausethese examples are pertinent only for their rhythm
and sound, and not at all for their meaning, no transla-
tions are given. A further general discussion of the de-
velopment of prosodic elements will be found in the arti-
cle FOETRY; prosodic development in specific literatures
isdiscussedin articles on the history of literature, such as
LITERATURE, WESTERN; LITERATURE, EAST ASIAN; and in
the literature sections of articles on the arts of various
peoples, such as AFRICAN PEOPLES, ARTS OF; AMERICAN
INDIAN PEOPLES, ARTS OF, etc.

ELEMENTS OF PROSODY

As a part of modem literary criticism, prosody is con-
cerned with the study of rhythm and sound effects asthey
occur in verse and with the various descriptive, historical,
and theoretical approaches to the study of these struc-
tures.
Scansion. The various elements of prosody may be
examined in the aesthetic structure of prose. The cele-
brated opening passage of Charles Dickens' novel Bleak
House (1853) affords a compelling example of prose
made vivid through the devices of rhythm and sound:
Fog everywhere. Fog up the river, where it flows among
green aits and meadows, fog down the river, where it rolls
defiled among the tiers o shipping, and the waterside pol-
lutions o a great (and d_ir‘[y)h city. Fog on the Essex
Marshes, fog on the Kentish heights. Fog creeping into
the cabooses o callier-brigs; fog lying out on the yards,
and hovering in the rigging o great ships, fog drooping
on the gunwdes of barges and small boats. Fog in the
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Scansion

eyes and throatc of ancient Greenwich pensioners, wheez-

ing by the firesdes of their wards; fo? in the gem and

bowl of the afternoon pipe o the wrathful skipper. . . .

Two phrases of five syllables each ("Fog everywhere";
"Fog up the river") establish a powerful rhythmic expec-
tation that isclinched in repetition:

... fog down theriver . ... Fog on the Essex . . ., fog on
the Kentish . . . . Fog creepinginto. .. ;... fog drooping
onthe....

This phrase pattern can be scanned; that is, its structure
of stressed and unstressed syllables might be translated
into visual symbols:

, u o, v

Fog down theri ver.
(This scansion notation uses the following symbols: the
acute accent [ -] to mark metrically stressed syllables; the
breve [ V1 to mark metrically weak syllables; a single
line [I] to mark the divisions between feet [i.e., basic
combinations of stressed and unstressed syllables]; a
doubleline [ || ] to mark the caesura, or pausein the line;
arest [ A]to mark a syllable metrically expected but
not actually occurring.) Such a grouping constitutes a
rhythmic constant, or cadence, a pattern binding to-
gether the separate sentences and sentence fragmentsinto
a long surge of feeling. At one point in the passage, the

rhythm sharpens into metre; a pattern of stressed and
unstressed syllablesfallsinto a regular sequence:

,» UV U , U 5 u s U
Fog on the| Es sex|mar shes, il fog on the|
s ) ,
Ken tish|heights.
The line is a hexameter (i.e., it comprises six feet), and
each foot is either a dactyl (, Y V) or atrochee(, V).
The passage from Dickens is strongly characterized by
alliteration, the repetition of stressed consonantal sounds:
Fog creeping into the cabooses o collier-brigs;
and by assonance, the patterned repetition of vowel
sounds:
. . . fog down the river, where it rolls defiled among . . . .

Here the vowel sounds are symmetrically distributed:
short, long and long, short. Thus, it is clear that Dickens
uses loosely structured rhythms, or cadences, an occa-
sional lapse into metre, and both aliteration and asso-
nance.

The rhythm and sound of all prose are subject to analysis;
but compared with even the simplest verse, the "' prosod-
ic" structure of prose seems haphazard, unconsidered.
The poet organizes his structures of sound and rhythm
into rhyme, stanzaic form, and, most importantly, metre.
Indeed, the largest part of prosodical study is concerned
with the varieties of metre, the nature and function of
rhyme, and the waysin which lines of versefall into reg-
ular patterns or stanzas. An analysis of "Vertue" by the
17th-century English poet George Herbert reveals how
the elements of prosody combine into a complex or-
ganism, a life sustained by the technical means available
to the poet. When the metre is scanned with the symbols,
it can be seen (and heard) how metre in this poem con-
sists of the regular recurrence of feet, how each foot is a
pattern of phonetically stressed and unstressed syllables.

u s U, U, U,

1 Sweet day,|so cool,|so calm,|so bright,
u . u . u .U,

2 The bri|dall of|the earth|and skie:
| U , w . u

3 The dew|shall weep|thy fall|to-night;

U, - .
4 For thou|must die.

V) N u . , UouU M
5 Sweet rose, |whose hue|an grieland brave
2 U, U, U,
6 Bids the|rash galzer wipe| hiseye:
¥ , U, U, L ,
7 Thy rootjisev|er in]its grave,

) 5 u ,
8 And thou (mustdie.
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V] A ,oU U R v, U
9 Sweet spring, {full of |sweet dayes|and ro|ses,
U u -« . U .,
10 A box|where sweets|com pac|ted lie;
- ., U , U 4 v, U
11 My mu!sick shows|ye have|your clo]ses,

(Y ,
12 And ail Imust die.

s WU, (G v )
13 Onely|a sweet|and ver|tuous soul,
(O oo, U, U
14 Likeseajson'd tim|ber, ne|ver gives;
v A () 4 u ’ (O
15 But though{the whole|world turn|to coal,
u ’ u "
16 Then chief|ly lives.

The basic prosodic units are the foot, the line, and the
stanza. The recurrence of similar feet in aline determines
the metre; here there are three lines consisting of four
iambic feet (i.e., of four units in which the common
pattern isthe iamb—an unstressed syllable followed by a
stressed syllable), which arefollowed by aline consisting
of two iambic feet. Thus the stanza or recurring set of
lines consists of three iambic tetrametersfollowed by one
iambic dimeter. The stanzaic form is clinched by the use
of rhyme; in "Vertue" thefirst and third and second and
fourth lines end with the same sequence of vowels and
consonants: bright/night, skie/die, brave/grave, eye/die,
etc. It should be observed that the iambic pattern ( Y' ) is
not invariable; the third foot of line 5, thefirst foot of line
6, the second foot of line 9, and the first foot of line 13
are reversals of the iambic foot or trochees (/v ). These
reversals are called substitutions; they provide tension
between metrical pattern and meaning, as they do in
these celebrated examples from Shakespeare:

U, U s U P VR , v

To be,|or notjto be, || that is|the question. ...
Haml et

u . u . , Uy, U,

His sil|ver skin|laced with| his gol|den blood . . .
Macbeth

Meaning, pace, and sound. Scansion reveals the basic
metrical pattern of the poem; it does not, however, tell
everything about its prosody. The metre combines with
other elements, notably propositional sense or meaning,
pace or tempo, and such sound effects as alliteration,
assonance, and rhyme. In the fifth line of "Vertue," the
reversed third foot occurring at "'angry" brings that word
into particular prominence; the disturbance of the metre
combines with semantic re-enforcement to generate a
powerful surge of feeling. Thus, the metre hereis expres-
sive. The pace of the lines is controlled by the length of
vowel sounds; although lines 5 and 6 contain the same
number of syllables and feet, line 5 obviously takes
longer to read or recite. The line contains more long
vowel sounds:

Sweet rose, whose hue angrieand brave. . .

Vowel length iscalled quantity. In English verse, quantity
cannot by itself form metre although a number of En-
glish poets have experimented with quantitative verse.
Generally speaking, quantity is a rhythmical but not a
metrical feature of English poetry; it can be felt but it
cannot be precisely determined. The vowel sounds in
"Sweet rose" may be lengthened or shortened at will. No
such options are available, however, with the stress pat-

s Y U .
terns of words; the word an-gry cannot be read an-gry.

Assonance takesinto account the length and distribution
of vowel sounds. A variety of vowel sounds can be noted
inthisline:

Sweet day, so cool, o cadm, so bright . . .
To borrow aterm from music, the line modulates from
&g, through a, 66, 4, to i. Alliteration takes into account
the recurrence and distribution of consonants:

so cool,so calm.. .
Swesetspring.. .

Quantity
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Rhyme normally occurs at the ends of lines; "Virtue"
reveals, however, a notable example of interior rhyme, or
rhyme within theline:

My musick showsye have your closes. ..

Types of metre. Syllable-stress metres. It has been
shown that the metre of “Virtue” is determined by a
pattern of stressed and unstressed syllables arranged into
feet and that a precise number of feet determines the
measure of the line. Such verse is called syllable-stress
verse (in some terminologies accentual-syllabic) and was
the norm for English poetry from the beginning of the
16th century to the end of the 19th century. A line of
syllable-stress verse is made up of either two-syllable
(disyllabic) or three-syllable (trisyllabic) feet. The di-
syllabic feet are the iamb and the trochee (noted in the
scansion of "Virtue"); the trisyllabic feet are the dactyl
(,YV) and anapes[ (VY.

Following are illustrations of the four principal feet
found in English verse:

) ,
iambic be hotd

, u
trochaic ti ger

s UoU
dactylic des per ate

u u R
anapestic un der stand

Some theorists also admit the spondaic foot ( -») and
pyrrhic foot ( YV ) into their scansions; however, spon-
dees and pyrrhics occur only as substitutions for other
feet, never as determinants of a metrical pattern:

, WU, Y .
When to|the ses|sions of |sweet si|lent thought . . .
It has been noted that four iambic feet make up a line of
tetrameter verse; a line consisting of one iambic foot is
called monometer, of two dimeter, of three trimeter, of
five pentameter, of six hexameter, and of seven heptame-
ter. Lines containing more than seven feet rarely occur in
English poetry.
The following examples illustrate the principal varieties
of syllable-stress metres and their scansions:
lambic (pentameter)
L sV . v,V 5 U ,
Then say |not Man's |im per|fect, || Heaven|in fault;
A v 5 v, v ., U ’
Say ra|ther, | Man's | as per|fect as| he ought :
u ) I , U ,
His know |ledge meas|ured || to] his state/and place,
u ., U . u . u .
His timela mo|ment, ll and|a point| his space.
Alexander Pope, An Essay on Man (1733-34)
Trochaic (dimeter)
. o , u
Could I|catch that
, | P
Nim ble|trai tor
5 \9) , U
Scorn ful|Lau ra,
« u PNV
Swift-foot |Lau ra,
. )
Soon then|would |

—_— u
Seek a| venge ment.
Thomas Campion (1602)

Dactylic (tetrameter)

> U " uu « U u »

Af ter the| pangs of ajdes per ate|Lover, A

, u u . Uu o, (U

When day and|night | have|sigh'd al in|vain, A A

. Uou U U U U
Ah what a|pleas ureit|is to disfco ver A

u w .U > U .

In her eyes| pi ty, who|cau sesmy|pain! A A

John Dryden, An Evening's Love (1671)

Anapestic (tetrameter)
Uy o, U U . UuU o, U U,
The Assyr|ian came down|like a wolf jon the fold,
vy o, U U, YU, UuU =
And his co|horts were gleam|ing in pur|ple and gold;
u u , U u , oY, uuU,
And the sheen /of their spears|was like stars|on the sea,
) ) . () ) » u u s U U,
When the blue|wave rolls night |ly on deep|Gali lee.
Lord Byron, " The Destructionof Sennacherib” (1815)

Syllable stress became more or less established in the
poetry of Geoffrey Chaucer (c. 1340-1400). In the cen-
tury that intervened between Chaucer and the early Tudor
poets, syllable-stress metres were either ignored or mis-
construed. By the end of the 16th century, however, the
now-familiar iambic, trochaic, dactylic, and anapestic me-
tres became the traditional prosody for English verse.

Strong-stress metres.  In the middle of the 19th centu-
ry, with Walt Whitman's free verse and Gerard Manley
Hopkins' extensive metrical innovations, the traditional
prosody was challenged. Antecedent to the syllable-stress
metres was the strong-stress metre of Old English and
Middle English poetry. Strong-stress verse is measured by
count of stresses alone; the strong stresses are usually
constant, but the number of unstressed syllables may vary
considerably.

Strong-stress verse survives in nursery rhymes and chil-
dren's counting songs:

One, two, If buckle my shoe;
Thfee, fo‘ur, | knock at the dobr;

Five, siX, | pick up sticks. . .

The systematic employment of strong-stress metre can
be observed in the Old English epic poem Beowulf (c.
1000) and in William Langland's vision-poem, Piers
Plowman ('A'Text, c. 1362) :

In a somer sesun || whon softe was the sonne,
| schop mein-to a schroud || a scheep as | were;
In habite of an hermite || un-holy of werkes,

Wende | wydenein this world || wondres to here.

These lines illustrate the structural pattern of strong-
stressmetre. Each linedividessharply atthe caesura (\),
or medial pause; on each side of the caesura are two
stressed syllables strongly marked by alliteration.

Strong-stress verse is indigenous to the Germanic lan-
guages with their wide-ranging levels of stressed syllables
and opportunities for alliteration. Strong-stress metre
was normative to Old English and Old Germanic heroic
poetry, as well as to Old English lyric poetry. With the
rising influence of French literature in the 12th and 13th
centuries, rhyme replaced alliteration and stanzaic forms
replaced the four-stress lines. But the strong-stress
rhythm persisted; it can be felt in the anonymous love
lyrics of the 14th century and in the popular ballads of
the 15th century.

"Lord Randal" can be comfortably scanned to show a
line of mixed iambic and anapestic feet; it clearly reveals,
however, afour-stress structure:

‘O where ha' you been, || Lord Randal, my son?
And where ha' you been, Il my handsome young man?
'l ha beenat thegreenwood; | mother, mak my bed soon,

For I'm wearied wi' huntin’, || and fain wad lie down.'

A number of 20th-century poets, including Ezra Pound,
T.S. Eliot, and W.H. Auden, have revived strong-stress
metre. The versification of Pound's Cantos and Eliot's
Four Quartets (1943) shows the vitality of the strong-
stress, or, asthey are often called, “native,” metres.
Syllabic metres. The greatest part of English poetry is
carried by the strong-stress and syllable-stress metres.
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Two other kinds of metres must be mentioned: the purely
syllabic metres and the quantitative metres. The count of
syllables determines the metres of French, Italian, and
Spanish verse. I n French poetry (both dramatic and lyr-
ic) the alexandrine, or 12-syllabled line, is a dominant
metrical form:

O toi, qui vois la honte oh je suis descendue,

Implacable Vbnus, suis-je assez confondue?

Tu ne saurais plus loin pousser ta cruautb.

Ton triomphe est parfait; tous tes traits ont porté.

Racine, Phédre (1677)

Stressand pausein these linesare variable; only the count
of syllables is fixed. English poets have experimented
with syllabic metres; the Tudor poet Thomas Wyat's
translations from Petrarch's Italian poems of the 14th
century attempted to establish a metrical form based on
adecasyllabic or ten-syllabled line:

The long love that in my thought doth harbor,

And in my heart doth keep his residence,

Into my face presseth with bold pretense

And there encampeth, spreading his banner.

"The Lover for ShamefastnessHideth. . . (1557)

Most ears can detect that these lines waver between sylla-
bic and syllable-stress metre; the second line fallsinto a
pattern of iambic feet. Most ears aso discover that the
count of syllables alone does not produce any pro-
nounced rhythmic interest; syllabic metres in English
generate a prosody moreinteresting to the eye than to the
ear.

Quantitative metres. Quantitative metres determine
the prosody of Greek and Latin verse. Renaissance theo-
rists and critics initiated a confused and complicated ar-
gument that tried to explain European poetry by the rules
of Classical prosody and to draft laws of quantity by
which European verse might move in the hexameters of
the ancient Roman poets Virgil or Horace. Confusion
was compounded because both poets and theorists used
the traditional terminology of Greek and Latin prosody
to describe the elements of the already existing syllable-
stress metres; iambic, trochaic, dactylic, and anapestic
originally named the strictly quantitative feet of Greek
and Latin poetry. Poets themselves adapted the metres
and stanzas of Classica poetry to their own languages;
whereasit is not possible here to trace the history o Clas-
sical metres in European poetry, it isinstructive to analyze
some attempts to make English and German syllables
move to Greek and Latin music. Because neither English
nor German has fixed rules of quantity, the poets were
forced to revise the formal schemes of the Classical
paradigms in accordance with the phonetic structure of
their own language.

A metrical paradigm much used by both Greek and
Latin poets was the so-called Sapphic stanza. It consisted
of three quantitative linesthat scanned

-u---uu-u-u,
followed by ashorter line, called an Adonic,
—UU=-,
"Sapphics" by the 19th-century English poet Algernon
Charles Swinburne shows the Sapphic metre and stanzain
English:

All the night sleep came not upon elid

Shed not gaN ﬁshook nor Sr?clortsgdegfeatsﬁer,

Y et with lipsshut closeand with eyesd iron

Stood and beheld me.. .

Saw the whiteimplacable Aphrodite,

Saw thehair unbound and the feet unsandalled

Shineasfireof sunset on western waters;

Saw thereluctant. . . .

The same metre and stanza in German are found in
"Sapphische Ode" by the 19th-century poet Hans
Schmidt, which was beautifully set to music by Johannes
Brahms (Opus94, No. 4) :

Rosen brachich nachtsmu am dunklen Hage;
siisser hauchten Duft S, als je am Tage;
doch verstreuten reich die bewegten Aste
Tau den mich nasste.
Auch der Kiisse Duft mich wie nie beriickte,
dieich nachts vom Strauch deiner Lippen pfluckte:
doch auch dir, bewegtim Gernut gleich jenem,
tauten die Tranen.
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Quantitative metres originated in Greek, a language in
which the parts of speech appear in a variety of inflected
forms (i.e., changes of form to indicate distinctions in
case, tense, mood, number, voice, and others). Compli-
cated metrical patterns and long, slow-paced lines de-
veloped because the language was hospitable to polysyllab-
ic metrical feet and to the alternation of the longer
vowels characterizing the root syllables and the shorter
vowels characterizing the inflected case-endings. The
Classical metres can be more successfully adapted to Ger-
man than to English because English lost most of its
inflected forms in the 15th century, while German is still
a highly inflected language. Thus Swinburne's " Sapphics"
does not move as gracefully, as " naturally" as Schmidt's. A
number of German poets, notably Goethe and Friedrich
Holderlin, both of the early 19th century, made highly
successful use of the Classical metres. English poets, how-
ever, have never been able to make English syllables
move in the ancient metres with any degree of comfort or
with any sense of vital rhythmic force.

The American poet Henry Wadsworth Longfellow
adapted the Classical hexameter for his Evangeline (1847):

P N N N e U ¥ O S
Thisisthe|for est priimeval. Themur mu ring| pines and

v ’ )

the|hem locks. . .

In Virgil's Aeneid, Longfellow's Classica model, the
openinglinescans:

v U - uUuu- - _y -u u- -

Ar mavi rum que ca no, Troj ae qui pri mus ab or is

The rules determining length of syllable in Classica
Greek and Latin poetry are numerous and complicated;
they were established by precise grammatical and phonet-
ic conventions. No such rules and conventions obtain in
English; Robert Bridges, the British poet laureate and an
authority on prosody, remarked in his Poetical Works
(1912) that the difficulty of adapting English syllables to
the Greek rulesis'very great, and even deterrent."” Long-
fellow's hexameter isin reality a syllable-stressline of five
dactyisand afinal trochee; syllabic quantity plays no part
in determining the metre.

PROSODIC STYLE

The analysisof prosodic style begins with recognizing the
metrical form the poet uses. I's he writing syllable-stress,
strong-stress, syllabic, or quantitative metre? Or is he
using a nonmetrical prosody? Again, some theorists
would not alow that poetry can be written without
metre; the examples of Whitman and many 20th-century
innovators, however, have convinced most modern critics
that a nonmetrical prosody isnot a contradiction in terms
but an obvious feature of modern poetry. Metre has not
disappeared as an important element of prosody; indeed,
some of the greatest poets of the modern period — Wil-
liam Butler Yeats, T.S. Eliot, Ezra Pound, Wallace Ste-
vens— revealed themselves as masters of the traditional
metres. They also experimented with newer prosodies
based on prose cadences, on expansions of the blank-
verse line, and revivals of old forms—such as strong-
stress and ballad metres. Also noteworthy are the" visua"
prosodies fostered by the poets of the Imagist movement
and by such experimenters as E.E. Cummings. Cum-
mings revived the practice of certain 17th-century poets

(notably George Herbert) of "shaping” the poem by
typographic arrangements.

The prosodic practice of poets has varied enormously
with the historical period, the poetic genre, and the poet's
individual style. In English poetry, for example, during
the Old English period (to 1100), the strong-stress metres
carried both lyric and narrative verse. In the Middle En-
glish period (from c. 1100 to c. 1500), stanzaic forms
developed for both lyric and narrative verse. The in-
fluence of French syllable counting pushed the older
stress lines into newer rhythms, Chaucer developed for
The Canterbury Talesalineof ten syllables with alternat-
ing accent and regular end rhyme—an ancestor of the
heroic couplet. The period of the English Renaissance
(from c. 1500 to 1660) marks the fixing of syllable-stress
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metre as normative for English poetry. lambic metre
carried three major prosodic forms: the sonnet, the
rhyming couplet, and blank verse. The sonnet was the
most important of the fixed stanzaic forms. The iambic
pentameter rhyming couplet (later known as the heroic
couplet) wasused by Christopher Marlowe for hisnarra-
tive poem Hero and Leander (1598); by John Donnein
the early 17th century for his satires, his elegies, and his
longer meditative poems. Blank verse (unrhymed iambic
pentameter), first introduced into English in a translation
by Henry Howard, earl of Surrey, published in 1557,
became the metrical norm for Elizabethan drama. The
period of the Renaissance also saw the refinement o a
host of lyric and song forms; the rapid development of
English music during the second half of the 16th century
had a salutary effect on the expressive capabilities of
poetic rhythms.

The personal element. A poet's choice of a prosody
obviously depends on what his language and tradition
afford; these are primary considerations. The anony-
mous author of the Old English poem Deor used the
conventional four-stress metric available to him; but he
punctuated groups of lines with a refrain:

baes ofereode: pisses Swa mae%;!
(that passed away: this aso may!)
The refrain adds something to the prosodic conventions
of regulated stress, alliteration, and medial pause: a sense
of a smaller and sharper rhythmic unit within the larger
rhythms of the given metre. While the poet accepts from
history his language and from poetic convention the
structure of his metre, he shapes his own style through
individual modifications of the carrying rhythms. When
critics speak of a poet's "voice," his personal tone, they
are also speaking of hisprosodic style.

Prosodic style must be achieved through a sense of ten-
sion; it is no accident that the great masters of poetic
rhythm work against the discipline of a given metrical
form. In his sonnets, Shakespeare may proceed in solemn
iambic regularity, creating an effect of measured progres-
sion through time and itslegacy of suffering and despair:

No longer mourn for me when | am dead

Than you shal hear the surly sullen bell

Givewarning to theworld that | amfled.. ..
“Sonnet 71"

Or he may wrench the metre and alow the reader to fedl
the sudden violence of his feelings, the power o a

conviction raised toa command:
9] V] UouU

» , v , ,
Let me|not to|the mar |riage of | true minds

v, U o, U B . U ouU )
Ad mit{im pe|di ments.|Loveis|not love. . ..
"Sonnet 116”
The first two feet of the first line are trochaic reversals;
the last two feet comprise a characteristic pyrrhic-sponda-
ic formation. A trochaic substitution is auite normal in
the first foot of an iambic pentameter line-atrochaic sub-
stitution in the second foot, however, creates a marked
disturbance in the rhythm. There is only one "normal™
iambic foot in the first line; this line runs over (or is
enjambed) to the second line with its three consecutive
iambic feet followed by a strong caesura and reversed
fourth foot. These lines are, in Gerard Manley Hopkins
term, metrically "counter-pointed”; trochees, spondees,
and pyrrhics are heard against a ground rhythm of regu-
lar iambics. Without the ground rhythm, Shakespeare's
expressive departureswould not be possible.

A poet's prosodic style may show al of the earmarks o
revolt against prevailing metrical practice. Whitman's cdl-
ebrated "free verse" marks a dramatic break with the
syllable-stress tradition; he normally does not count sylla-
bles, stresses, or feet in his long sweeping lines. Much
of his prosody is rhetorical; that is, Whitman urges his
language into rhythm by such means as anaphora (i.e.,
repetition at the beginning of successive verses) and the
repetition of syntactical units. He derives many of his
techniques from the example of biblical verses, with their
line of various types of parallelism. But he often moves
toward traditional rhythms; lines fall into conventional
parameters:

O past! O happy life! O songsaf joy!
"Out of the Cradle Endlesdy Rocking™* (1859)
Or they fall more often into dissyllabic hexameters:
Borne through the smoke of the battles and pierc'd
with missiles| saw them....
"When Lilacs Last in the Door-Y ard Bloom'd" (1865-66)

Despite the frequent appearance of regular metrical se-
quences, Whitman's lines cannot be scanned by the usual
graphic method of marking syllables and feet; his proso-
dy, however, isfully available to analysis. The shape on
the page of the lines below (they comprise a single
strophe or verse unit) should be noted, specifically the
gradual elongation and diminution of line length. Equally
noteworthy are the repetition of the key word carols, the
dliteration of the s sounds, and the use of wordsin fall-
ing (trochaic) rhythm, "lagging,” "yellow," "waning":

Shake out carols!

Solitary here, the night's carols!

Carolsd lonesomelove! death’s carols!

Carolsunder that lagging, yelow, waning moon!

O under that moon where she droops amost down into

theseal

O reckless despairing carols.

“Outd theCradle”

No regular metre moves these lines; but a clearly articu-
lated rhythm— produced by shape, thematic repetitions,
sound effects, and patterns of stress and pause— defines a
prosody.

Whitman's prosody marks a clear break with previous
metrical practices. Often a new prosody modifies an exist-
ing metrical form or revives an obsolete one. I n “Geron-
tion” (1920), T.S. Eliot adjusted the blank-verse line to
the emotionally charged, prophetic utterance of his per-
sona, a spiritually arid old man:

After such knowledge, what forgiveness?Think now

History has many cunning passages, contrived corridors

And issues, decalveswith whisperingambitions,

Guides us by vanities. Think now. ..

(From T.S. Eliot, Collected Poems 1909-1962,
Harcourt Brace Jovanovich, Inc.)

Thefirstthree lines expand the pentameter line beyond its
normal complement of stressed and unstressed syllables;
the fourth line contracts, intensifying the arc of feeling.
Both Pound and Eliot used stress prosodies. Pound
counted out four strong beats and used alliteration in his
brilliant adaptation of the old English poem " The Sea-
farer™ (1912):
Chill itschainsare; chafingsighs
Hew my heart round and hunger begot
Mereweary mood. Lest man know not
That he on dry land loveliestliveth. . .
From Ezra Pound, Personae, Copyright 1926 by
zra Pound. Reprinted by permission d New Di-
rections Publishing Corporation.)
He uses a similar metric for the energetic opening of his
“Canto |." Eliot mutes the obvious elements of theform
in the celebrated opening of TheWaste Land (1922) :
April isthe cruellest month, breeding
Lilacsout o the dead land, mixing
Memory and desire, stirring
Dull rootswith spring rain.
(From T.S. Eliot, Collected Poems 1909-1962,
Harcourt Brace Jovanovich, Inc.)
Hereisthe "native metre” with itsfalling rhythm, elegiac
tone, strong pauses, and variably placed stresses. If thisis
free verse, its freedoms are most carefully controlled.
"No verseisfreg,” said Eliot, "for the man who wantsto
do a good job."

The prosodic styles of Whitman, Pound, and Eliot—
though clearly linked to various historical antecedents—
are innovative expressions of their individual talents. In a
sense, the prosody of every poet of genius is unique;
rhythm is perhaps the most personal element of the poet's
expressive equipment. Alfred Lord Tennyson and Robert
Browning, English poets who shared the intellectual and
spiritual concerns of the Victorian age, are miles apart in
their prosodies. Both used blank verse for their dramatic
lyrics, poems that purport to render the accents of real
men speaking. The blank verse of Tennyson's "Ulysses"”
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(1842) offers smoothly modulated vowel music, carefully
spaced spondai ¢ substitutions, and unambiguous pentam-
eter regularity:

Thelong day wanes, the dow moon climbs; the deep

Moans round with many voices. Come, my friends,

‘Tisnot too late to seek a newer world.

Browning's blank verse aims at colloquial vigour; its"ir-
regularity" is a function not of any gross metrical viola-
tion—it always obeys the letter of the metrical law—but
of the adjustment of abstract metrical pattern to the
rhythmsof dramatic speech. If Tennyson's ultimate mod-
el is Milton's Baroque prosody with itsoratorical rhythms,
Browning's model was the quick and nervous blank verse
of the later Elizabethan dramatists. Characteristic of
Browning's blank verse are the strong accents, involuted
syntax, pregnant caesuras, and headlong energy in “The
Bishop OrdersHis Tomb at St. Praxed's Church" (1845):

Vanity, saith the preacher, vanity!

Draw round my bed: is Anselm keeping back?

N —sonS mine. . . ah God, | know not! welt—

She, men would have to be your mother once,

0Old Gandolf envied me, so fair shewed

Influence of period and genre. In thelyric genres, the
rhythms of the individual poet—or, in the words of the
20th-century American poet Robert Lowell, "the person
himsdf" —can be heard in the prosody. | n thelong poem,
the dramatic, narrative, and didactic genres, a period style
is more likely to be heard in prosody. The blank-verse
tragedy of the Elizabethan and Jacobean dramatists, the
blank verse of Milton's Paradise Lost (1667) and its
imitators in the 18th century (James Thomson and Wil-
liam Cowper), and the heroic couplet of Neoclassical
satiric and didactic verse, each, in different ways, defines
the age in which these prosodies flourished. The flexibility
and energy of the dramatic verse of Marlowe, Shake-
speare, and John Webster reflect the later Renaissance
with its nervous open-mindedness, its obsessions with
power and domination, and its lapses into despair. Mil-
tonic blank verse, based on Latin syntax and adaptations
of the rules of Latin prosody, moved away from the
looseness of the Elizabethans and Jacobeans toward a
more ceremonial style. It is a Baroque style in that it
exploits the musical qualities of sounds for their orna-
mental values. The heroic couplet, dominating the poetry
of the entire 18th century, was unequivocally a prosodic
period style; its elegance and epigrammatic precision en-
tirely suited an age that valued critical judgment, satiric
wit, and thepowersof rationality.

Itisindramatic verse, perhaps, that a prosody showsits
greatest vitality and clarity. Dramatic verse must make a
direct impression not on an individual reader able to
reconsider and meditate on what he has read but on an
audience that must immediately respond to a declaiming
actor or a singing chorus. The ancient Greek dramatists
developed two distinct kinds of metres: "stichic" forms
(i.e., consisting of "stichs" or lines, as metrical units)
such as the iambic trimeter for the spoken dialogues; and
lyric, or strophic, forms (i.e., consisting of stanzas), of
great metrical intricacy, for the singing and chanting of
choruses. Certain of the Greek metresdeveloped a partic-
ular ethos; characters of low socia standing never were
assigned metres of the lyric variety. Similar distinctions
obtained in Elizabethan-drama. Shakespeare’s kings and
noblemen speak blank verse: comic characters, servants,
and country bumpkins discburse in prose; clowns, ro-
mantic heroines, and supernatural creatures sing songs.
In the early tragedy Romeo and Juliet, the chorus speaks
in "excellent conceited” sonnets: in what was one of the
most popular and easily recognized lyric forms o the
period.

The metrical forms used by ancient and Renaissance
dramatists were determined by principles of decorum.
The use or non-use of a metrical form (or the use of
prose) was a matter of propriety: was the metre suitable
to the social status and ethosof the individual character;
was the metre suitable to the emotional intensity of the
particular situation? Decorum, in turn, was a function
o the dominant Classica and Neoclassical theories of
imitation.
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THEORIES OF PROSODY

Ancient critics like Aristotle and Horace insisted that
certain metres were natural to the specific poetic genres;
thus, Aristotle (in the Poetics) noted that “Nature her-
self, as we have said, teaches the choice of the proper
measure." In epic verse the poet should use the heroic
measure (dactylic hexameter) because this metre most
effectively represents or imitates such qualities as gran-
deur, dignity, and high passion. Horace narrowed the
theory of metrical decorum, making the choice of metre
prescriptive; only an ill-bred and ignorant poet would
treat comic material in metres appropriate to tragedy.
Horace prepared the way for the legalisms of the Renais-
sance theorists who were quite willing to inform practic-
ing poets that they used "feete without joyntes," in the
words of Roger Ascham, Queen Elizabeth's tutor, and
should use the quantitative metres of Classical prosody.

Middle Ages. During the Middle Ages little of impor-
tance was added to actual prosodic theory; in poetic prac-
tice, however, crucial developments were to have impor-
tant ramifications for later theorists. From about the
second half of the 6th century to the end of the 8th cen-
tury, Latin verse was written that no longer observed the
rules of quantity but was clearly structured on accentual
and syllabic bases. This change was aided by the inven-
tion of the musical sequence; it became necessary to fit a
musical phrase to a fixed number of syllables, and the
older, highly complex system of quantitative prosody
could not be adapted to simple melodies that must be
sung in sequential patterns. In the musical sequence lies
the origin of the modem lyric form.

The 9th-century hymn "Ave maris stella” is a striking
instance of the change from quantitative to accentual-
syllabic prosody; each line contains three trochaic feet
determined not by length of syllable but by syllabic in-
tensity or stress:

Avemaris stella

Dei mater dma
atgue semper virgo,
felix cadli porta.
Sumens illud Ave
Gabrielisore,
funda NOSIin pace,
mutans nomen Evae

The rules of quantity have been disregarded or forgotten;
rhyme and stanza and a strongly felt stress rhythm have
taken their place. In the subsequent emergence of the
European vernacular literatures, poetic forms follow the
example of the later Latin hymns. The earliest art lyrics,
those of the Provengal troubadours of the 12th and 13th
centuries, show the most intricate and ingenious stanzaic
forms. Similarly, the Goliardic songs of the Carmina Bur-
ana (13th century) reveal arich variety of prosodic tech-
niques; this " Spring-song" embodies varying lines of tro-
chees and iambs and an ababcdccd rhyme scheme:
Ver redit optatum
Cum gaudio,
Flore decoratum
Purpureo;
Avesedunt cantus
Quam dulciter!
Revirescit nemus,
Cantus est amoenus
Totaliter.

Renaissance. Renaissance prosodic theory had to face
the fact of an accomplished poetry in the vernacular that
was not written in metres determined by "rules” handed
down from the practice of Homer and Virgil. Neverthe-
less, the classicizing theorists of the 16th century made a
determined attempt to explain existing poetry by the rules
of short and long and to draft "laws" by which modem
verse might move in Classical metres. Roger Ascham, in
The Scholemaster (1570), attacked "the Gothic. . . bar-
barous and rude Ryming" of the early Tudor poets. He
admitted that Henry Howard, earl of Surrey, did pass-
ably well as a poet but complained that Surrey did not
understand " perfite and trewe versifying'"; that is, Surrey
did not compose his English verses according to the
principles of Latin and Greek quantitative prosody.
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Ascham instigated a lengthy argument, continued by
succeeding theorists and poets, on the nature of English
prosody. Sir Philip Sidney, Gabriel Harvey, Edmund
Spenser, and Thomas Campion all (to use Saintsbury's
phrase) committed whoredom with the enchantress of
quantitative metric. While this hanky-panky had no ad-
verse effect on poetry itself (English poets went on writ-
ing versesin syllable-stress, the prosody most suitable to
the language), it produced misbegotten twinsof confusion
and discord, whose heirs, however named, are still appar-
ent today. Thus, those who still talk about "long and
short" (instead of stressed and unstressed), those who
perpetuate a punitive prosodic legalism, and those who
regard prosody as an account of what poets should have
done and did not, trace their ancestry back to Elizabethan
dalliance and illicit classicizing.

Although Renaissance prosodic theory produced
scarcely anything of value to either literary criticism or
poetic technique—indeed, it did not even develop a ra-
tional scheme for scanning existing poetry —it raised a
number of important questions. What were the structural
principles animating the metres of English verse? What
were the aesthetic nature of prosody and the functions of
metre? What were the connections between poetry and
music? Was poetry an art of imitation (as Aristotle and
al of the Neoclassical theorists had maintained), and was
its sister art painting; or was poetry (as Romantic theory
maintained) an art of expression, and prosody the ele-
ment that produced (in Coleridge's words) the sense of
musical delight originating (in T.S. Eliot's words) in the
auditory imagination?

The 18:th century. Early in the 18th century, Pope af-
firmed, in his Essay on Criticism (1711), the classic doc-
trine of imitation. Prosody was to be more nearly ono-
matopoetic; the movement of sound and metre should
represent the actions they carry:

"Tis not enough no harshness gives offence,

The sound must seem an Echo to the sense:

Soft is the strain when Zephyr gently blows,

And the smooth stream in smoother numbersflows;

But when loud surgeslash the sounding shoar,

The hoarse, rough verseshould like the torrent roar.
When Ajax strivessome rock's vast weight to throw,
Thelinetoo labours, and the words movesow;

Not so, when swift Camillascours the plain,

Flieso'er th' unbending corn, and skims along the main.

In 18th-century theory the doctrine of imitation was
joined to numerous strictures on " smoothness,” or metri-
cal regularity. Theorists advocated a rigid regularity;
minor poets composed in a strictly regular syllable-
stress verse devoid of expressive variations. This regu-
larity itself expressed the rationalism of the period.
The prevailing dogmas on regularity made it impossible
for Samuel Johnson to hear the beauties of Milton's
versification; he characterized the metrically subtle lines
of "Lycidas" as ""harsh" and without concern for "num-
bers." Certain crosscurrents of metrical opinion in the
18th century, however, moved toward new theoretical
stances. Joshua Steele's Prosodia Rationalis (1779) isan
early attempt to scan English verse by means of musical
notation. (A later attempt was made by the American
poet Sidney Lanier in his Science of English Verse,
1880.) Steele's method is highly personal, depending on
an idiosyncratic assigning of such musical qualities as
pitch and duration to syllabic values; but he recognized
that a prosodic theory must take into account not merely
metre but "all properties or accidents belonging to lan-
guage.” His work foreshadows the current concerns of
the structural linguists who attempt an analysis of the
entire range of acoustic elementscontributing to prosodic
effect. Steele isalso the first "timer" among metrists; that
is, he bases his scansions on musical pulse and claimsthat
English verse moves in either common or triple time.
Modern critics of musical scanners have pointed out that
musical scansion constitutes a performance, not an analy-
sisof the metre, that it allows arbitrary readings, and that
it levels out distinctions between poets and schools of
poetry.

The 19th century. With the Romantic movement and
its revolutionary shift in literary sensibility, prosodic the-

ory became deeply influenced by early 19th-century spec-
ulation on the nature of imagination, on poetry as ex-
pression—“the spontaneous overflow of powerful feel-
ings" in Wordsworth's famous phrase— and on the con-
cept of the poem as organic form. The discussion between
Wordsworth and Coleridge cn the nature and function of
metre illuminates the crucial transition from Neoclassical
to modern theories. Wordsworth (in his " Preface” to the

Lyrical Ballads, 1800) followed 18th-century theory and
saw metre as “superadded” to poetry; itsfunction is more
nearly ornamental, a grace of style and not an essential
quality. Coleridge saw metre as being organic; it func-
tions together with all of the other parts of a poem and is
not merely an echo to the sense or an artifice of style.
Coleridge also examined the psychologic effectsof metre,
the way it sets up patterns of expectation that are either
fulfilled or disappointed:

Asfar as metre actsin and for itself, it tends to increase the

vivecity and susceptibility both of the genera fedings and

d the attention. This effect it produces by the continued ex-

citement o surprize, and by the quick reciprocationsof curi-

odty il gratitied and still re-excited, which are too dight
indeed to be at any one moment obj ectsof distinct conscious-
ness, yet becomeconsiderablein the|r aggregatemﬂuence As

a medicated atmosphere, or as wine during animated con-

versation; they act powerfully, though themselves unnoticed.

Where, therefore correspon entfood an egoproprlate matter

are not prowded for the attention and feelings thus roused,

theremust needs be a disappointment felt; likethat of Ieaplgg

in the dark from the last step of a staircase, when we h

prepared our muscles for aleap o three or four.

Biographia Literaria, XVIII (1817)

Romantic literary theory, although vastly influential in
poetic practice, had little to say about actual metrical
structure. Coleridge described the subtle relationships be-
tween metre and meaning and the effects of metre on the
reader's unconscious mind; he devoted little attention to
metrical analysis. Two developmentsin 19th-century poetic
techniques, however, had greater impact than any pro-
sodic theory formulated during the period. Walt Whit-
man's nonmetrical prosody and Gerard Manley Hopkins'
far-ranging metrical experiments mounted an assault on
the traditional syllable-stress metric. Both Whitman and
Hopkins were at first bitterly denounced, but, as is often
the case, the heresies of a previous age become the ortho-
doxies of the next. Hopkins' "' sprung rhythm™— a rhythm
imitating natural speech, using mixed types of feet and
counterpointed verse-emerged as viable techniques in
the poetry of Dylan Thomas and W.H. Auden. It is vir-
tualy impossible to assess Whitman's influence on the
various prosodies of modem poetry. Such American
poetsasHart Crane, William Carlos Williams, and Theo-
dore Roethke all have used Whitman's long line, ex-
tended rhythms, and “shaped” strophes.

The 20th century. Since 1900 the study of prosody has
emerged as an important and respectable part of literary
study. George Saintsbury published his great History
of English Prosody during the years 1906-10. Some-
time later, a number of linguists and aestheticians turned
their attention to prosodic structure and the nature of
poetic rhythm. Graphic prosody (the traditional syllable
and foot scansion of syllable-stress metre) was placed on
a securer theoretical footing. A number of prosodists,
taking their lead from the work of Joshua Steele and
Sidney Lanier, have recently attempted to use musical
notation to scan English verse. For the convenience of
synoptic discussion, modern prosodic theorists may be
divided into four groups: the linguistswho examine verse
rhythm as afunction of phonetic structures; the aestheti-
cians who examine the psychologic effects, the formal
properties, and the phenomenology of rhythm; the musi-
cal scanners, or "'timers," who try to adapt the procedures
of musical notation to metrical analysis; and the tradi-
tionalists who rely on the graphic description of syllable
and stress to uncover metrical paradigms. It is necessary
to point out that only the traditionalists concern them-
selves specifically with metrical form; aestheticians, lin-
guists, and timers all examine prosody in its larger di-
mensions.

Modern structural linguistics has placed the study of
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language on a scientific basis. Linguists have measured
the varied intensities of syllabic stress and pitch and the
durations of junctures or the pauses between syllables.
These techniques of objective measurement have been
applied to prosodic study. The Danish philologist Otto
Jespersen's early essay "Notes on Metre" (1900) made a
number of significant discoveries. He established the prin-
ciplesof English metre on a demonstrably accurate struc-
tural basis; he recognized metre as a gestalt phenomenon
(i.e., with emphasis on the configurational whole); he
saw metrics as descriptive science rather than proscriptive
regulation. Jespersen's essay was written before the bur-
geoning interestin linguistics; since World War II numer-
ous attempts have been made to formulate a descriptive
science of metrics.

It has been noted that Coleridge defined metrical form
as a pattern of expectation, fulfillment, and surprise. Tak-
ing his cue from Coleridge, the British aesthetician 1.A.
Richards in Principles  Literary Criticism (1924) de-
veloped a closely reasoned theory of the mind's response
to rhythm and metre. His theory is organic and contex-
tual; the sound effects of prosody have little psychologic
effect by themselves. It is prosody in conjunction with "its
contemporaneous other effects‘—chiefly meaning or
propositional sense— that produces its characteristic im-
pact on our neural structures. Richards insists that every-
thing that happens in a poem depends on the organic
environment; in his Practical Criticism (1929) he con-
structed a celebrated "' metrical dummy" to " support [an]
argument against anyone who affirms that the mere
sound of verse has independently any considerable aes-
thetic virtue." For Richards the most important function
of metre is to provide aesthetic framing and control;
metre makes possible, by its stimulation and release of
tensions, ''the most difficult and delicate utterances."

Other critics, following the Neo-Kantian theories of the
philosophers Ernst Cassirer and Susanne Langer, have
suggested that rhythmic structure is a species of symbolic
form. Harvey Grossin Sound and Formin Modern Poet-
ry (1964) saw rhythmic structure as a symbolic form,
signifying ways of experiencing organic processesand the
phenomena of nature. The function of prosody, in his
view, isto image life in a rich and complex way. Gross's
theory is also expressive; prosody articulates the move-
ment of feeling in a poem. The unproved assumption
behind Grosss expressive and symbolic theory is that
rhythm is in some way iconic to human feeling: that a
particular rhythm or metre symbolizes, as a map locates
the features of an actual terrain, a particular kind of
feeling.

The most sophisticated argument for musical scansion is
given by Northrop Frye in his influentiadl Anatomy of
Criticism (1957). He differentiates between verse that
shows unmistakable musical quality and verse written
according to the imitative doctrines current in the Renais-
sance and Neoclassic periods. All of the poetry written in
the older strong-stress metric, or poetry showing its basic
structure, i3 musical poetry, and its structure resembles
the music contemporary withit.

The most convincing case for traditional “graphic pros-
ody" has been made by the American critics W.K. Wim-
satt and Monroe C. Beardsley. Their essay " The Concept
of Meter" (1965) argues that both the linguists and musi-
cal scanners do not analyze the abstract metrical pattern
of poems but only interpret an individual performance of
the poem. Poetic metre is not generated by any combina-
tion of stresses and pauses capable of precise scientific
measurement; rather, metre is generated by an abstract
pattern of syllables standing in positions of relative stress
to each other. In a line of iambic pentameter

Preservedin Milton's or in Shakespeare'sname

the “or” of the third foot is only dlightly stronger than
the preceding syllable "'-ton's,"" but this very dlight dif-
ference makes the line recognizable as iambic metre.
Wimsatt and Beardsley underline the paradigmatic na-
ture of metre; as an element in poetic structure, it is ca-
pable of exact abstraction.

Non-Western theories of prosody. The metres of the
verse of ancient Indiawere constructed on a quantitative
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basis. A system of long and short syllables, as in Greek,
determined the variety of complicated metrical forms
that are found in poetry of post-Vedic times—that is,
after the 5th century sc.

Chinese prosody isbased on the intricate tonal system of
the language. In the T’ang dynasty (ap 618-907) the
metrical system for classica verse wasfixed. The various
tones of the language were subsumed under two large
groups, even tones and oblique tones. Patterned arrange-
ments of tones and the use of pauses, or caesuras, along
with rhyme determine the Chinese prosodic forms.

Japanese poetry is without rhyme or marked metrical
structure; it is purely syllabic. The two main forms of
syllabic verses are the tanka and the haiku. Tanka is
written in a stanza of 31 syllables divided into alternating
lines of fiveand seven syllables. Haiku isan extremely con-
centrated form of only 17 syllables. Longer poems of 40
to 50 lines are aso written; however, alternate lines must
contain either five or seven syllables. The haiku form has
been adapted to English verse and has become in recent
years a popular form. Other experimenters in English syl-
labic verse show tt.z influence of Japanese prosody. Syllabic
metre in English, however, is limited in its rhythmic
effects; it is incapable of expressing the range of feeling
available in the traditional stress and syllable-stress
metres.
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Prostitution

Prostitution is described most precisely by emphasizing
two essential elements: (1) the exchange of money or
valuable materialsin return for sexual activity and (2) the
relatively indiscriminate availability of such a transaction
to individuals other than spouses or friends. This descrip-
tion specifically limits the exchange to money or valuable
materials; sexual activity to earn good will or subsequent
favoursis not properly construed as prostitution. Accept-
ance of money or giftsin exchange for sexual activity may
be found among mistresses, gigolos, friends, and spouses;
the economic criterion aone does not suffice. Similarly,
sexual activity with strangers or with persons for whom
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there is no affectional feeling does not in itself constitute
prostitution if the economic element is absent. Lastly,
sexual activity denotes some physical contact. Sexua
gratification solely from visual or auditory stimuli can-
not ordinarily be included as prostitution; if it could, a
substantial part of the entertainment world would be in-
advertently included under the term.

Itis most expedient to adopt an operational definition: a
prostitute is a person who for immediate payment in mon-
ey or valuables will engage in sexual activity with any
other person, known or unknown, who meets minimal
requirements as to gender, age, cleanliness, sobriety, eth-
nic group, and health.

Even this definition does not wholly suffice, for the con-
cept of prostitution isbased on culturally determined val-
ues that differ in various societies in the world. Such a
definition represents only one end of a continuum ranging
from the socially accepted arrangement of marriage,
wherein one male is morally and legally entitled to sexual
gratification in exchange for support, to the other extreme
where the arrangement is of very brief duration and in-
volves numerous males. Borderline cases are not uncom-
mon. A female who makes herself sexually available only
to suitors who bestow giftsis a case in point: how many
suitors in what span of time suffice to change her status
from that of girl friend to mistress to prostitute? The
opinion varies according to the attitudes and values of the
culture or subculture in which the individuals live. In
modern Western society the fact that a sexual relationship
frequently involves an important economic element isof-
ten not faced up to: in many cases a female would not
continue with a male who did not periodically give her
gifts of at least some monetary value, which are most
often understood as symbolic of affection or esteem
rather than as payment.

CROSS-CULTURE COMPARISONS

Crossspecies comparisons.  Some primates use sexud
behaviour for nonsexual purposes: female chimpanzees
and baboons will sometimes present themselves sexually
to a male in order to avoid attack or to distract the male
while the female purloins hisfood. It isasmall step from
such primate behaviour to accepting coitus in exchange
for food. Consequently it seemslikely that the exchanging
of food for coitus began in the transitional period between
man and ape; and that with the subsequent development
of more elaborate rules of social behaviour, the sexual
restrictions of marriage, and the concept of parenthood,
prostitution was eventually defined in some form and set
apart as an entity to be accepted or condemned.

Historical comparisons.  Prostitution has not, insofar as
isknown, been a cultural universal. I n sexually permissive
societies it isoften rare because it is unnecessary, whereas
in other societies it has been largely suppressed. Complete
suppression seems virtually impossible in large urban
centres where anonymity is easily achieved and where
many persons are transients. But in a small community
where secrecy is difficult and where life depends on com-
munal cooperation, social sanctions— chieflyin the forms
of ridicule, economic retribution, pressure from relatives,
and ostracism—are extremely effective. In such small
groups prostitution can be and has been prevented. Hu-
man societies are so labile and diverse that virtually every
form of sexual behaviour, even those that are generaly
assumed to be socially disruptive, has somewhere at some
time been regarded as either normal or, under special
circumstances, permissible. Thisistrue of prostitution. In
addition to the societies in which it is absent, there are
many (possibly the majority) in which it is tolerated, ac-
cepted, or encouraged. Toleration with some degree of
stigma seems a common societal posture; in such societies
prostitution is often the resort of disadvantaged females:
slaves, captives, divorcees, widows, outcasts, and the un-
marriageable. In brief it is, in part, the solution to the
economic problem faced by femal es without husbands.

Acceptance or encouragement of prostitution under spe-
cial conditions seems chiefly a matter of economics or
religion. In a number of societies girls earn their dowries
through prostitution, chiefly away from home, and re-

turn enriched and eminently marriageable. This custom
occurred in some, but not many, preliterate groupsin the

New World, among certain ancient Mediterranean cul-
tures such as the Lydians and Cyprians, and, within mod-
ern times, among the ouled-nail of Algeria Sometimes, in
societies that ordinarily denigrate prostitution and even
make some effort to preserve female virginity, it is en-
couraged when the economic reward is sufficiently great.
Thus Marquesan parents may encourage daughters to
barter coitus for valuable goods brought by sailors.

Religions have sometimesincorporated prostitution as a
transitory rite to be done once or, more commonly, as a
continuing religious obligation of a particular class of
priestesses. An example of the former isthe" Myletta" rite
of ancient Babylonia, wherein every female was required
to sitin the temple of the goddess I shtar and accept coitus
from the first male who threw a silver coin in her lap.
Similar ritesinvolving other goddesses are known to have
existed elsewhere in the Middle East. Obligatory prostitu-
tion by certain priestesses was also a custom in this area
but rare elsewhere, although examplesare known in India
and western Africa

In societies of sufficient technological achievement and
urbanization to warrant the label "civilizations," there has
usually been an attempt to make secular prostitutes
identifiable by requiring them to dress in some distinctive
manner or livein arestricted area or both. Efforts of this
kind were made in ancient |srael, Greece, and Rome and
continued through medieval times into the 20th century.
In other areas distinctive garb and locale were typical of
prostitutes, but it seems that this was generally a volun-
tary pattern of behaviour to facilitate the clients search
rather than a regulation imposed by society. It should be
noted, however, that informal social pressures have al-
ways served the same purpose as codified laws and ordi-
nances; even in modern times prostitutes tolerated in one
section of a city find it difficult to establish residence in a
""decent" neighbourhood.

Attempts to confine a group as inherently mobile as
prostitutes have met with only temporary success. Prosti-
tution always tends to fan out beyond the demarcated
borders. The Oriental civilizations were no more success-
ful than those of the West. During the T'ang dynasty in
China, prostitutes (as well as merchants) were required to
operate in specified areas; but in the following Sung
Dynasty (aD 960-1126), cafes employing prostitutes
infiltrated other districts, and combination entertain-
ment places and brothels known as wa-1zu proliferated;
there were over a score in the city of Hangchow alone.
It should not surprise readers of modern Western news-
papers to learn that prostitutes have been discovered
operating from residences in upper middle class neigh-
bourhoods.

Nevertheless, sufficient identification and localization
were often obtained to make prostitutes liable to the inevi-
table by-products of civilization, licensing and taxation,
which were imposed as early as Roman times. The degree
of governmental control of prostitution has varied from
nation to nation. Localization of prostitution also rendered
it more susceptibleto exploitation, often by criminal groups.

Historical data as to classes of prostitutesare scanty, but
some hierarchy seems inescapable except in small socie-
ties. Aside from religious prostitution, prostitutes auto-
matically graduate into classes according to their age,
beauty, intelligence, and health; and society treats them
accordingly. The independent courtesans who congregat-
ed around men of political power —such as the hetaerae
of ancient Greece; Theodora, who subsequently married
the Byzantine emperor Justinian; and certain of the Jap-
anese geisha—were accorded considerable respect. Fe-
males of lesser wit or beauty who catered to the general
public were generally denigrated and ill-treated.

The Industrial Revolution brought with it markedly in-
creased urbanization and economic exploitation of large
numbers of persons—both factors conducive to prostitu-
tion. At the same time the spread of humanist ideas, con-
cern over public health, and changes in the status of wom-
en caused an increasing concern over prostitution, which
in Western civilization wasidentified as a social evil and a
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problem. Colonization of other partsof the world spread
that attitude widely.

Varieties of sodial control. All human societies exer-
cise varying degrees of control over the sexual behaviour
of their members, and in the more urban and technologi-
cally advanced cultures prostitution has been subjected to
particular control because it embodies two major societal
interests: sex and money. Before the 19th century the
emphasis was upon control or, at least, the localization
and identification of the prostitute. The motivation seems
to have been partly fisca (taxes, license fees, graft) and
partly moral (to recognize and isolate the sinful). Such
isolation served other useful ends; for example, ones fa-
vourite prostitute would be unlikely to be admitted to the
social groups containing one's wife, fiancee, or employer.
Life could be rigorously compartmentalized and the dou-
ble standard of sexual morality maintained.

In the 19th century, at least in Western nations, the
emphasis tended to shift from control to attempted eradi-
cation. The previous laws and municipal ordinances con-
cerned with regulation were superseded by statutes either
prohibiting prostitution outright or so restricting its prac-
tice astodrive it underground. Thischange seemsto have
come about through the fusion of severa social develop-
ments: the emancipation of women, the growth of human-
itarian movements involved in socia action, and the opti-
mistic rationale that social problems could be cured by
suitably worded laws.

The attempts at public control have, of course, varied in
form and severity from nation to nation and so have the
responses to these attempted controls. One natural prob-
lemisthat in al countriesthe problem of enforcing legis-
lation so closely related to variable moral codes of behav-
iour is fraught with difficulties; as soon as the law enters
the sphere of morals, both itsinterpretation and its execu-
tion may be called in question as unjust or indeed immor-
al, at least by some members of the community. In Great
Britain, for example, the Contagious Diseases Acts of
1864, 1866, and 1869, which introduced a measure of
state regulation and inspection of prostitutes, had to be
suspended in 1883 and repealed in 1886 as a result of the
campaign initiated against them in 1869 by Josephine
Elizabeth Butler, leader of theinternational movement to
abolish state regulation (and therefore acceptance) of
prostitution. There remained little that the law could do in
relation to the prostitutes themselves except to see that the
police maintained a certain standard of order.

In some countries, on the other hand, specia "morals
police” were instituted, with more power than the English
"vice squad” and with the function, among others, of
observing the registered prostitutes and watching for any
who were unregistered; but the arbitrary power that these
morals police could exercise caused considerable misgiv-
ing. Yet again, some countries, for instance Belgium, fa-
voured the employment of women police to deal specif-
ically with prostitutes. |t may be stated, however, that the
laws controlling prostitution and kindred offensesin the
different countriesof the world are very similar, once the
fundamental distinction has been made between those of
countries in which houses of prostitution have been abol-
ished by law and those of countries that permit brothels
and require prostitutes to be registered. (Some countries,
of course, cannot be classified in thisway.)

In Great Britain, legislation—apart from laws dealing
with soliciting and offenses against decency in public
places—is directed not at the prostitute or her client but
against those third parties— brothel-keepers, procurers,
pimps—who find her commerce profitable and easy to
exploit. Thus while prostitution itself still is not a penal
offense, a series of enactments were developed during the
19th century to prevent procuration, to close brothels
(defined as premises used by at least two women for pur-
poses of prostitution), to penalize landlords who rented
their buildings for such purposes, and to prohibit a man's
living on a prostitute's earnings. The Street Offenses Act
of 1959, following recommendations of the Wolfenden
Report (the Report o the Committee on Homosexual
Offensesand Prostitution), for the first time prohibited
all street solicitation and loitering by prostitutes, with in-
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creasing fines for repeated offenses. The act also raised
the finesfor permitting solicitation in refreshment houses
and increased maximum penalties for procuring and for
living on the earnings of prostitution.

The difficulties that attend the abolition of houses of
prostitution in a country where they have been long estab-
lished areillustrated by the course of eventsin France. In
1946 state registration was ended and the maisons de
tolérance were closed; then a subsequent law, in the same
year, established a card-index system for al prostitutes
and regulated their registration for purposes of hygiene
(i.e., for contact tracing and the treatment of venereal
disease); and afurtherenactment (1948) seemed to make
prostitutes subject to examination even before their occu-
pation was proved, the effect being practically a return
to the regime of state registration. The law of 1946 had
indeed resulted in the closing of the brothels in France,
but little was done for the rehabilitation of their inmates,
and it soon appeared that the latter were pursuing their
old trade under worse conditions than before. Marthe
Richard, a national heroine of World Wars | and 11, who
had been among thefirst to urge the closing of brothelsin
Paris and indeed was held to be primarily responsible for
the enactment of the law, showed that she had changed
her mind about the rightness of the measure in her book
L’Appel des sexes (1951). To make a compromise be-
tween the abolitionists and those who wanted to repeal
the law of 1946, it was proposed that brothels should be
allowed in the neighbourhood of army camps at least.

In the United States, houses of prostitution are illegal in
most states, as is procuring, and the majority of the states
penalize soliciting and living on the earnings of prostitu-
tion. The federal Mann Act (the White-Slave Traffic Act,
1910) prohibitsthe transporting of a woman across state
linesfor immoral purposes; and interstate travel or trans-
portation in aid of illegal business activities, including
prostitution, was banned by anti-racketeering laws passed
in 1961.

The effect of all these laws, however, has been in part to
drive prostitution underground, where it can become
more disruptive to society than when it isallowed to exist,
to some extent, openly. Such a development is to be ex-
pected on the closing of brothels when at the same time no
fundamental alteration of the social pattern is effected:
the removal of the controls exercised by the brothel sys-
tem clears the way for a "vice racket" in which both
prostitute and client are exploited by third parties. In the
United States strictly criminal organizations largely took
control of prostitution, managing it on a national or re-
gional basis.

With the closing down or repression of the more flam-
boyant operations of streetwalkers and houses of prostitu-
tion, other categories emerged. One was the bar girl, or
B-girl, employed to entertain men customers of a bar,
tavern, or nightclub and induce them to spend money,
often by offering to perform lewd or indecent acts or to
engage in prostitution. The B-girl isin the tradition of the
dance hall "hostess" of, for example, the cow towns and
mining towns of the American West. And a new upper
class among prostitutes emerged — the call girl, who may
be quite selective in her choice of customers, at least
limiting her favours to men who are willing and able to
pay high fees. In addition to the call-girl system, massage
parloursand other disguisesalso have been adopted. Over-
al, prostitution was decreased, though not drastically,
through the loss of the efficient production-line activity of
the brothel. A more serious blow to prostitution appears
to be the growing increase in the number of females
willing to engage in sexual intercourse without financial
recompznse.

In the U.S.S.R., the bold claim was made in the 1930s
and 1940s that no prostitution and no brothels or traf-
ficking in the streets existed any longer. The legidation
and administrative orders promulgated indicated that the
problem had been treated very seriously. Before the Rev-
olution, prostitution existed on a very large scale in Rus-
sia. The desire of the revolutionaries to abolish it would
seem perhaps to emanate from the urge toward female
emancipation and equality of the sexes. With regard to
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prostitution, the Soviet authorities repeatedly emphasized
that the war against it should on no account degenerate
into a war against prostitutes. It was maintained that the
disappearance of prostitution in the U.S.S.R. was due, in
effect, to the changing of the cultural patterns in Russian
and Soviet society. The exact meaning of this asseveration
is difficult to assess: the U.S.S.R. is a large country com-
prising a number of republics, each with itsseparate codes
of law and in avarying stage of development; and in some
of these republics tribal customs, in particular those con-
nected with child marriage and with the bride price,
would seem to have survived for along time. Occasional
reports of clandestine prostitution continued to appear.

Prostitution has been widespread and widely accepted in
Asia, with casual sexual relations between both married
and unmarried men and prostitutes regarded as a matter
of course. Until recent times it was almost the only occu-
pation open to dependent and unattached women. That
prostitution was long accepted as a way of life throughout
the Middle East and the Far East was held to be related to
the inferior position of females. The surge of rising aspira-
tions in the nations of Asia after World War II encom-
passed strong movements to improve the status of women.
These found support in the United Nationsin the Univer-
sa Declaration of Human Rights, in the Economic and
Socia Council's efforts to combat and reduce prostitu-
tion as incompatible with the dignity and worth o a hu-
man being, and in its Convention for the Suppression of
the Traffic in Persons and of the Exploitation of the
Prostitution of Others.

In connection with its attemptsto abolish prostitution asa
practice imposing indignities on human beings, the UN
made a number of surveysin member countries. Surveys
of countries in Asia and the Far East covered Burma,
Ceylon (now Sri Lanka), India, Indonesia, Japan, the
Philippines, and Thailand. With the exception of Thai-
land, all of these nations had adopted laws before 1960
either to abolish or to prohibit prostitution. In Thailand
prostitution was regulated and all prostitutes and brothels
were registered. No new prostitutes were permitted a li-
cense after 1956, and no new brothels were allowed to
open after 1948; the government reported it expected to
abolish prostitution eventually.

Despite laws aiming to prohibit or suppress prostitution,
it was found still to exist in the other countries mentioned.
In Burma, Ceylon, Indonesia, and the Philippines, it was
basically an urban phenomenon. In India, on the other
hand, the majority of prostitutes (66.5 percent) were from
rural areas. In some parts of India prostitution was still
associated with girls dedicated to temples, and in some
communities certain girls were dedicated to prostitution,
although both forms of religious prostitution were forbid-
den by law. In northern India many dancing girls still
becameprostitutes.

In Japan licensed prostitution was abolished between
1946 and 1948. Public brothels were closed and offices
were set up throughout the country to rehabilitate former
prostitutesand to protect girls from becoming engaged in
prostitution. Many geisha girls meanwhile have been
prostitutes, although others do not participate in this
profession.

I'n the Philippines prostitution was reported in the larger
cities, particularly in Manila, where the military reserva
tionsand air bases afforded many customers.

In Indonesia prostitution was reported to be common in
the villages. This was attributed largely to the fact that
many men, who were permitted four wives, divorced one
or more wives with little concern for what happened to
them; such women often resorted to prostitution. 1n Cam-
bodia brothels were permitted but were subject both to
licensing and to special regulations. In Ceylon prostitu-
tion, though it was technically an offense, was not pun-
ished as such. It could be punished, however, under the
Vagrants Ordinance. Private institutions, including the
Salvation Army, tried to rehabilitate prostitutes and help
them in securing respectable employment.

Additional surveysin Malaysia, Hong Kong, and Singa-
pore found that measures to prevent prostitution were
chiefly incumbent upon the police and immigration

officials, who cooperated in checking the immigration of
prostitutes and in the repatriation or deportation of prosti-
tutes. Much preventive work was required because of the
large number of Chinese refugees,'and casework services
were developed in governmental homes and shelters and
by private organizations.

Except for a small group recruited from the upper class-
es, economic conditions apparently have been a major
factor in prostitution in all Asian countries. Nevertheless,
the influx of refugees into some areas, the traditionally
rigid class restrictions on marriage and the exclusion of
women from social life have all been important factors
in promoting prostitution. In Japan and the Philippines
especially, military installations have resulted in con-
Isid_erable demand for prostitutes despite restrictive legis-
ation.

In mainland China, the Communist government, after it
came into power in 1949, abolished prostitution and
closed numerous brothels, converting some of the largest
into youth centres. A program of re-education for prosti-
tutes was announced, with additional re-education includ-
ing assignment to hard labour for any backsliders.

(P.H.Ge./Ed.)

SOCIAL AND PSYCHOLOGICAL CHARACTERISTICS

The complexity of modern life, with accelerated cross-
cultural diffusion and rapid transportation, makes a brief
description of the exact character of prostitution in any
given nation impossible. In an Asian country, for exam-
ple, there may be villages sharing a few local prostitutes;
inland towns with organized brothels staffed by indige-
nousfemales; and coastal citieswith a potpourri of brothels
and independent prostitutes of varying races, nationali-
ties, residential stability, and status. All of these situa-
tions, as suggested in the survey above, are generally sub-
ject to rapid change depending upon political, economic,
and socia changes and the establishment or removal of
military bases, factories, and other important sources of
clients.

Types o forms of progitution. Speaking generaly,
and with specia regard for the Western nations, prostitu-
tion operates in three guises. First, there is the brothel—
an establishment wherein the prostitutes generally reside,
supervised usually by an older female who has acquired
sufficient money and made enough social contacts to es-
tablish a brothel. One or more males may be on the prem-
ises to deal with unruly or homosexual clients. Brothels
are quite varied, some catering to particular socio-
economic and ethnic groups, but they are generally con-
fined to particular districts in a city or else relegated to its
outskirts just beyond municipal authority. In some cities a
given area may be almost wholly given over to prostitu-
tion, as was the case in Las Vegas, Nevada; the Calle
Amistad of Havana, Cuba; and the Herbertstrasse of
Hamburg, Germany. In provinces or nations where prosti-
tution is illegal, brothels tend to be confined to locales
where law enforcement is ineffective due to political cor-
ruption or to geographic factors such as an adjacent pro-
vincial or national border or an ocean. Since clients pre-
fer novelty, prostitutes not infrequently move from one
brothel to another in a different city. The brothel owner
or supervisor takes a percentage of the prostitutes' earn-
ings, a percentage that can range from 20 percent up to
anearly intolerable proportion.

Second, there isthe "call girl," a prostitute who has her
own residence (sometimes shared with another prostitute).
In return for a percentage of her earnings she is notified
by the head of the operation where to meet each client,
generally the hotel room of the client and less often his
home. The call girl is ordinarily expected to limit her
clientele to persons obtained through the calling system
and is discouraged from developing contacts on her own
initiative since she might not share the revenue from
these. The call girl has higher status and price than the
average brothel inmate, who is known as a "house girl."
Because there is often some screening of new clients,
chiefly through recommendation by known persons, the
cal girl is protected to a considerable degree from unde-
sirable customers and disguised police.
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Third, there is the independent prostitute who shares her
earnings with no one except hotel employees, taxi drivers,
bartenders, her procurer, or others who direct customers
to her. For security and companionship, pairs of inde-
pendent prostitutes sometimes live together. The inde-

endent girl is more apt than other prostitutes to pursue
this occupation sporadically and in conjunction with some
other employment, almost always of low status and pay.

Variations on these three basic forms of prostitution are
manifold. A brothel may pass as a massage parlour, a
restaurant or bar may have an adjacent room, and escort
services and modelling agencies may be disguises. To add
to the complexity, there is some specialization among
prostitutes in terms of techniques as, for example, those
serving sadomasochists. Some prostitutes may largely or
wholly avoid coitus: in certain lower class cafes and bars
there are females who induce a customer to buy numer-
ous drinks at inflated prices and when he has purchased
enough will then lead him to some dimly lit, isolated
booth or corner and masturbate him to orgasm. This
practice seems commoner in western Europe than in the
United States. A small number of females eschew physi-
cal contact entirely and thereby escape the definition of
prostitution by simply engaging in obscene conversation
in exchange for drinks (a percentage of the cost d which
reverts to them). On occasion prostitutes may be em-
ployed to give exhibitions of sexual activity before audi-
ences. In Latin America and parts of Europe such exhibi-
tions are frequently a standard entertainment in certain
taverns and brothels; in the United States they have be-
come much less common and are largely confined to
occasional actsfor men's organizations.

The career and life of female proditutes Entry into a
career of prostitution may once have involved parents
casting out a seduced daughter or "white slavers™ exerting
duress upon some hapless girl, but this is no longer true
in the second half of the 20th century. Entry has become
voluntary and often involves little trauma aside from
transient pangs of shame or guilt. Some mentor is almost
invariably involved— another girl with experience as a
prostitute or a male friend who points out the financial
advantages and offers to help the neophyte on her new
career if she chooses it. A moment of clearly defined
decisionisgenerally lacking and the entry isatransitional
phase buffered by rationalizations. A typica example
would be that of a girl who is accustomed to presents
from suitors and who by degrees comes to accept gifts in
the form of cash and whose suitors may become more
numerous as they become less known to her. Or another
common mode of entry is the financid emergency that
can be remedied by "being nice" to someone a friend
happens to know, the price being disguised as a gift or
loan. Subsequent fiscal emergencies arise and ultimately
lead to an acknowledged career of prostitution. In any
case, the motivation is financial. Nymphomania giving
rise to prostitution isextremely rare.

Entry into prostitution generally involves entry into the
subculture, and the neophyte must go through a some-
timesstressful period of learning a new set of interperson-
al relationships, a new system o patterned behaviour, and
a new argot. More importantly, she must develop a new
self-image. This change necessarily involves cutting most,
if not al, ties with her former life, and the prostitute
becomes more exclusively involved with and dependent
upon the subculture of prostitution. The term "subcul-
ture" isappropriate because theindividuals think of them-
selves as a group apart from the rest of society, establish
their own mores, have their own distinctive linguistic
terms, and share similar ideas and values.

Although one can find embittered individuals who dis-
like their work and despise their clients, the majority of
prostitutes maintain an attitude similar to that of anyone
providing services to a diverse clientele. Some clients
prove troublesome and are consequently resented; others
may be pleasant or unexpectedly generous and hence en-
gender some regard or even affection; but most are re-
garded with objectivity and neutrality.

The prostitute often simulates passion and sometimes
affection for business reasons, yet in reality she isexpect-
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ed to preserve a rigorous attitude of psychological nonin-
volvement, precisely such as is required of other profes-
sionals who deal with human beings. Although the client
should be sufficiently pleased to induce him to return, he
should be processed efficiently, quickly, and dispassion-
ately. Experiencing sexual arousal or orgasm is regarded
not only as unprofessional but also asfatiguing and hence
inefficient. Allowing affection to develop for a client is
thought of asfoolishly making oneself vulnerableto emo-
tional hurt and possible fiscal exploitation.

Having severed her tieswith her former life and preserv-
ing an emotional aoofness from her clients, the prostitute
is prone to be starved for love. This deficiency is remedied
by alover who isfrequently also a procurer, or pimp. The
pimp is someone whom she can love and who she can
imagine returns her love. He gives the sexual pleasure
absent in her professional activity. More importantly, the
pimp proves that she is needed—if only for mercenary
reasons. Many prostitutes take pridein providing well for
their "man," whose ostentatious affluence attests to their
success. To love, to be loved, and to be needed are psy-
chological necessities for most human beings, and the
pimp provides these for the prostitute. In addition, he
has other useful functions: he may find clients, protect her
from mistreatment, pay her bail, safeguard her savings,
and perhaps even join in her professional work if a client
wishes homosexual activity or an exhibition. It is easy to
see why the pimpisvalued even if heisshared, asisoften
the case, with several other prostitutes, or even if he is
sometimes exploitative or brutal.

The average prostitute usually is able to compartmental -
ize her life successfully: in her work she is seldom con-
sciously sexually aroused and seldom or never reaches
orgasm, but in her private life she is as responsive as, or
perhaps somewhat more so than, the average housewife.
The speculations as to prostitutes being either sexually
frigid or nymphomaniac are not supported by evidence.
The compartmentalization may extend to sexual tech-
niques and positions, some of these being employed solely
in business relations. This compartmentalization serves a
vital buffering protective function and permits the prosti-
tute to keep a tolerable self-image and to engage in the
emotional and socia relations that are important to hu-
man well-being. The prostitute can say that her work is no
measure of herself as a person, that it is a thing apart,
simply an economic matter. Nevertheless, the defense
mechanism cannot wholly negate reality, and the prosti-
tute is to a considerable degree alienated from normal
social relationsand functions.

Pregnancy and venereal disease are ordinarily thought
of as inescapable occupational hazards for prostitutes.
The matter of conception is enormously complicated by
varying methods of contraception, the postulated antago-
nistic effects of one male's semen upon another's, chronic
pelvic congestion, consequences of venereal disease, and
other factors. It appears, however, that although prosti-
tutes' high coital frequencies do not result in a high inci-
dence of pregnancy, neither does it seem that prostitutes
are particularly infertile. The majority have been impreg-
nated by malefriendsor husbands, but few by clients. On
the other hand, venereal disease is an indisputable occu-
pational hazard, and the incidence of having had such a
disease at some time or another isfar higher among pros-
titutes than among the general population.

It has been thought that, through overexposure to males
and through occasiona but repeated unpleasant experi-
ences, the prostitute would turn to other females for
affection and sexual gratification. This speculation seems
largely unfounded; although prostitutes may be more per-
missive toward any sexual behaviour, and although they
may have had some homosexual experience as a part of
their work, the incidence of extensive homosexuality does
not appear to be substantially greater among prostitutes.

Because the prostitute is somewhat isolated from normal
society, confined to her own subculture, and her profes-
sional life labelled as criminal in most states and nations,
it is not surprising that criminality or, more commonly,
affiliation with criminals often develops. Any lucrative
illegal business invites the intrusion of organized crime.
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This situation is not wholly a case of prostitutes' being
victimized; it is to a great extent a mutually beneficia
arrangement  because the criminal organization can pro-
vide a greater protection from law and social action than
could any individual or small group. In addition, more
efficient management is often provided. The price for
such benefitsis, of course, lossof autonomy and having to
adhere to financial agreements that are probably rather
onerousand that draw severe punishment if broken.

The prostitute herself is not ordinarily criminal in a
narrow sense of the word. Any business operator must
maintain a good reputation in order to prosper, and hence
only the most desperate or disreputable prostitutes rob or
blackmail. The independent, lower class prostitute cater-
ing to transients is more likely to rob or defraud. The
prostitute, however, is rather prone to be indirectly in-
volved as an accomplice or accessory to a crime simply
because her lover, pimp, or management organization is
engaged in criminal activity. The police are well aware of
this and sometimes attempt to coerce prostitutesinto serv-
ing asinformers.

Exiting from prostitution is, unlike entry, not aways
voluntary. Loss of physical beauty ultimately forces out
of "the life" all those except a few who become adminis-
trators or supervisors. The more foresighted prostitutes
exit before being compelled to do so, some via marriage
(generally to someone who isfully aware of their profes-
sion), or the already married may simply become house-
wives precisely as a conventional woman may give up
employment after some years of marriage and devote
herself to the home. Others intelligent enough to have
saved money may simply buy into some legitimate busi-
ness. The improvident and less intelligent prostitute faces
agrim future since she has neither funds nor skillsto save
her from eventual unemployment. Such an unfortunate
generally ends on public relief or working at the most
menial tasks. Actually little is known of the lives of for-
mer prostitutes because those who have adequately coped
with the transition back into society are anxious to con-
ceal their past; one tends to see the failures rather than the
successes, although afew of thelatter become famous.

The extent of female prostitution is difficult to measure
even in those nations that require licensing, but it is no
small social phenomenon in all densely populated areas.
In the United States the survey data accumulated by
Alfred C. Kinsey and his associates indicated that around
mid-century roughly one-third of the college-educated
and three-quarters of the less-educated white males even-
tually had had sexual intercourse with a prostitute. There
is evidence, however, that in the second half of the 20th
century, with the increasing permissiveness toward non-
marital sexual behaviour of women, prostitution is be-
coming correspondingly lessimportant: the percentage of
males having experience with prostitutes seemed to be
?iminishi ng, and the frequency of contact was markedly
ower.

Male progtitution. Male prostitution has been largely
disregarded in treatises on prostitution, and the public
knowslittle of it. Heterosexual male prostitution— that is,
males hired by or for females—is extremely rare. Almost
any female desirous of sexua activity can, with little dif-
ficulty, find a male to oblige her, providing she does not
set her standards too high. The gigolo, the male counter-
part of the mistress, does not qualify as a prostitute under
the definition here employed because the elements of
promiscuity and immediate payment are absent.

Homosexual male prostitution, on the other hand, was
common in the second half of the 20th century in large
cities; and in some cities the male "hustlers" perhaps ri-
valled the female prostitutes in numbers. Most homosex-
ual male prostitution was of the independent type: "call-
boy" systems existed but were not commonplace, and mae
brothels were extremely rare. Some basically heterosex-
ual brothels, however, kept a male around f or the conven-
ience of a homosexually inclined client.

In Western civilizations male homosexual prostitution
differs radically in many respects from female heterosex-
ual prostitution. There is no pimp, large-scale organiza-
tion is absent, the price is lower, and the sexual relation

with the client is quite different. In female prostitution
the prostitute rarely or never reaches orgasm and the
client ailmost invariably does; in male homosexual prosti-
tution the prostitute almost invariably reaches orgasm,
but the client frequently does not. This paradox is the
result of a curious mythology, which the male hustler and
his client feel compelled to enact. The homosexual male
ideally seeks a masculine-appearing heterosexual male,
and the prostitute attempts to fit thisimage. Consequently
the prostitute can do little or nothing for or to the homo-
sexua client lest he betray a homosexual inclination of his
own and ruin theillusion. So the prostitute plays an essen-
tially passive role and has orgasm (thisis regarded as a
necessary part of the bargain), while the client must ordi-
narily content himself with psychological arousal, self-
masturbation, and body contact. This arrangement isrein-
forced by the male prostitute's protective image of himself
asa''real" and heterosexual man who tol erates homosex-
ual activity solely for financial reasons. In actuality, of
course, the hustler has a substantial homosexual compo-
nent that is necessary or he could not achieve erection and
orgasm; and many of them are predominately homosex-
ual in orientation, though loath to admit it. One might
regard this as the reverse of female prostitution: the fe-
male simulates a passion she does not feel, whereas the
male prostitute conceals a passion he does feel. There is
some evidence that this curious pattern of feigned indif-
ference is gradually breaking down and that more male
prostitutes are taking an active role in the sexua relation
while maintaining a masculine image. In societies other
than those of Western civilizations, the homosexual pros-
titute does not disguise his interest and is often as active
as, or even more active than, the client (see also sex-
UAL DEVIATIONS: Homosexuality).

The socioeconomic demand. Because prostitution is
basically an economic matter, it is destined to follow the
"laws" of economics. It will grow or diminish according
to the number of individuals who find it difficult or im-
possible to obtain sexual contact without paying for it.
These individualsinclude not only those with physical or
cosmetic handicaps and those few with sexual desires too
bizarre to be satisfied by most partners but also numerous
normal persons who experience temporary difficulty in
obtaining a sexual relationship. Travellers and military
personnel are good examples of the latter group. Added
to these are persons who could establish sexual relation-
ships with nonprostitutes but do not wish to make the
effort or do not wish to become emotionally involved.
Finally, some individuals seek prostitutesto enjoy sexual
techniques that their wives or customary partners refuse
them — mouth-genital contact being the prime example.

Prostitution also isreinforced by the double standard of
sexual morality and by the affiliations with drinking,
dancing, and entertainment. These recreational aspectshave
been, and in many areas of the world have continued to
be, an important component of prostitution.

This almost inescapable and reasonably steady demand
for prostitutes is in many societies complemented by a
socio-economic treatment of females that is conducive to
prostitution. If most females are taught to be financially
dependent upon males and discriminated against in em-
ployment and salary, a substantial number of them either
will be economically forced toward prostitution or will
turn to it as an easy and more lucrative alternative. Even
in a utopian society, however, there would be some indi-
viduals whose skills, personality traits, or intelligence
would limit their earnings, or whose real or imagined
needswould exceed the beneficence of the state, and some
of these personswould prostitute.

It appears impossible to eradicate prostitution in a com-
plex society, particularly one in which sexual grati-
fication is made difficult by mores and law. Moreover, the
trend of legalistic and humanitarian thinking has been
toward the idea that what consenting adults do sexually in
private should not be subject to law, and that view pre-
sumably would include prostitution.
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Protein

Proteins are highly complex substances that are present
in all living organisms. They are of great nutritional val-
ue, have numerous industrial uses, and are directly in-
volved in the chemical processes necessary to maintain
life. Proteins are both species-specificand organ-specific;
for instance, muscle proteins differ from those of the
brain and liver.

A protein molecule is very large compared to molecules
of sugar or salt and consists of many amino acids joined
together to form long chains, much as beads are arranged
on a string. There are about 20 different amino acids that
occur naturally in proteins. Proteins of similar function
have similar amino acid composition and sequence. Al-
though it is not yet possible to explain al of the functions
of a protein from its amino acid sequence, established
correlations between structure and function can be attrib-
uted to the properties of the amino acids of which pro-
teins are composed.

Plants can synthesize all of the amino acids; animals
cannot, even though all of them are essentia for life.
Plants can grow in a medium containing inorganic nu-
trients that provide mitrogen, potassium, and other sub-
stances essential for growth. They utilize the carbon diox-
idein the air during the process of photosynthesis toform
organic compounds such as carbohydrates. Animals,
however, must obtain organic nutrients from outside
sources. Because the protein content of most plants is
low, very large amounts of plant material are required by
animals, such as ruminants (e.g., cows), that eat only
plant material to meet their amino acid regquirements.
Nonruminant animals, including man, obtain proteins
principally from animals and their products—e.g., meat,
milk, and eggs. The seeds of legumes are increasingly
being used to prepare inexpensive protein-rich food (see
NUTRITIONAND DIET, HUMAN).

The protein content of animal organs is usually much
higher than that of the blood plasma Muscles, for exam-
ple, contain about 30 percent protein, the liver 20 to 30
percent, and red blood cells 30 percent. Higher percent-
ages of protein are found in hair, bones, and other organs
and tissues with a low water content. The quantity of free
amino acids and peptides in animals is much smaller than
the amount of protein. Evidently, protein molecules are
produced in cells by the stepwise alignment of amino
acids and are released into the body fluids only after
synthesisis complete.

The high protein content of some organs does not mean
that the importance of proteinsis related to their amount
in an organism or tissue; some of the most important
proteins, such as enzymes and hormones, occur in ex-
tremely small amounts. The importance of proteins is
related principally to their function. All enzymes identi-
fied thus far are proteins. Enzymes, which are the cata-
lysts of all metabolic reactions, enable an organism to
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build up the chemical substances necessary for life—pro-
teins, nucleic acids, carbohydrates, and lipids (fats) — to
convert them into other substances, and to degrade them.
Life without enzymes is not possible. There are several
protein hormones. Hormones are regulatory substances
formed in endocrine glands and secreted directly into
the bloodstream. In all vertebrates, the respiratory pro-
tein hemoglobin acts as oxygen carrier in the blood,
transporting oxygen from the lung to body organs and
tissues. A large group of structural proteins maintains
and protects the structure of the animal body.

This article emphasizes the basic structural and func-
tional aspects of proteins as a class of chemical sub-
stances. For further information on specialized subjects
in which proteins play a major role see BLooD AND
LYMPH; ENZYME, HORMONE, IMMUNITY’; GENE.

I. General gructureand propertiesdf proteins

THE AMINO ACID COMPOSITION OF PROTEINS

The common property of all proteins is that they consist
of long chains of a-amino (alpha amino) acids. The gen-
eral structure of a-amino acids is shown in Formula 1.

n oo H " o
AN 4 N+ Vi
N—C*—C or  H-N—C*—C

/ | AN H s/ | AS _
H , O H p O

zwitterionic form

Formula 1: Generalized structure of all a-amino acids. C stands
for a carbon atom; C* stands for the a-carbon. H is hydrogen,
O is oxygen, and N is nitrogen. R is a general term for any of
several different chemical structures that range from one
hydrogen atom to large and complex molecular units containing
many different atoms. The + and — signs represent electrical
charges that exist when the molecule takes the configuration
shown at the right.

The a-amino acids are so called because the a-carbon
atom in the molecule (shown by an asterisk [*] in For-
mula 1) carries an amino group (—NH,); the a-carbon
atom also carries a carboxyl group (- COOH). In acidic
solutions, when the pH isless than 4, the — COO- groups
combine with hydrogen ions (H+) and are thus converted
into the uncharged form (—COOH). In akaline solu-
tions, at pH above 9, the ammonium groups ( —NH~*5)
lose a hydrogen ion and are converted into amino groups
(—=NH,). In the pH range between 4 and 8, the amino
acids exist almost exclusively in the structure shown at
the right side of Formula 1. Because in this form they
carry both a positive and a negative charge, they do not
migrate in an electrical field. Such structures have been
designated as dipolar ions, or zwitterions (i.e., hybrid
ions).

Although more than 100 amino acids occur in nature,
particularly in plants, only 20 types are commonly found
in most proteins (see Figure 1). In protein molecules
the a-amino acids are linked to each other by peptide
bonds between the amino group of one amino acid and
the carboxyl group of its neighbour; the structure of the
peptide bond is given in Formula 2. The condensation

O H
[
—C—N-—

Formula 2: The peptide bond.

(joining) of three amino acids yields the tripeptide shown
in Formula 3.

It is customary to write the structure of peptides in such
a way that the free a-amino group (also caled the N
terminus of the peptide) is at the left side and the free
carboxyl group (the C terminus) at the right side. Pro-
teins are macromolecular polypeptides—i.e., very large
molecules composed of many peptide-bonded amino ac-
ids. Most of the common ones contain more than 100
amino acids linked to each other in a long peptide chain.
The average molecular weight (based on the weight of a
hydrogen atom as1) of each amino acid is approximately

Peptide
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Formula 3: A tripeptide. R* and R” represent the possibility
that the three R groups (side chains) could be different.

100 to 125; thus, the molecular weights of proteins are
usualy in the range of 10,000 to 100,000 daltons (one
dalton is the weight of one hydrogen atom). The species-
specificity and organ-specificity of proteins result from
differences in the number and sequences of amino acids.
Twenty different amino acidsin a chain 100 amino acids
long can be arranged in far more than 10100 ways (10100
isthe number one followed by 100 zeroes).

Structures of common amino acids. The amino acids
present in proteins differ from each other in the structure
of their side (R) chains. The simplest amino acid is
glycine, in which R is a hydrogen atom (see Figure 1).
In a number of amino acids, R represents straight or
branched carbon chains. One of these amino acids is
alanine, in which R is the methyl group (—CH,). Va-
ling, leucine, and isoleucine, with longer R groups, com-
plete the alkyl side-chain series. The akyl side chains
(R groups) of these amino acids are nonpolar; this
means that they have no affinity for water but some
affinity for each other. Although plants can form all of
the alkyl amino acids, animals can synthesize only ala-
nine and glycine; thus valine, leucine, and isoleucine
must be supplied in the diet.

Two amino acids, each containing three carbon atoms,
are derived from alanine; they are serine and cysteine.
Serine contains an alcohol group (—CH,OH) instead of
the methyl group of alanine, and cysteine contains a mer-
capto group (—CH,SH). Animals can synthesize serine
but not cysteine nor cystine. Cysteine occurs in proteins
predominantly in its oxidized form (oxidation in this
sense meaning the removal of hydrogen atoms), called
cystine. Cystine consists of two cysteine molecules linked
by the disulfide bond (—S—S—) that results when a
hydrogen atom is removed from the mercapto group of
each of the cysteines (see Figure 1). Disulfide bonds
are important in protein structure because they alow
the linkage of two different parts of a protein mole-
cule to—and thus the formation of loops in—the other-
wise straight chains. Some proteins contain small
amounts of cysteine with free sulfhydryl (— SH) groups.

Four amino acids, each consisting of four carbon atoms,
occur in proteins;, they are aspartic acid, asparagine,
threonine, and methionine. Aspartic acid and asparagine,
which occur in large amounts, can be synthesized by
animals. Threonine and methionine cannot be synthe-
sized and thus are essential amino acids—i.e., they must
be supplied in the diet. Most proteins contain only small
amounts of methionine.

Proteins also contain an amino acid with five carbon
atoms (glutamic acid) and an imino acid (proline),
which is a structure with the amino group (—NH,)
bonded to the alkyl side chain, forming a ring. Glutamic
acid and aspartic acid are dicarboxylic acids--that is,
they have two carboxyl groups (— COOH). Glutamine is
similar to asparagine in that both are the amides of their
corresponding dicarboxylic acid forms; i.e., they have an
amide group (—CONH,) in place of the carboxyl
(— COOH) of the side chain (see Figure 1). Glutamic
acid and glutamine are abundant in most proteins; in
plant proteins, for example, they sometimes comprise
more than one third of the amino acids present. Both
glutamic acid and glutamine can be synthesized by ani-
mals. The imino acids proline and hydroxyproline oc-
cur in large amounts in collagen, the protein of the con-

nective tissue of animals (see Table 1). Proline and hy-
droxyproline lack free amino (—NH,) groups because
the amino group is enclosed in a ring structure with the
side chain; they thus cannot exist in a zwitterion form.
Although the imino group (=NH) o these amino acids
can form a peptide bond with the carboxyl group of
another amino acid, the bond so formed gives rise to a
kink in the otherwise straight peptide chain—that is, the
imino ring structure alters the regular bond angle of
normal peptide bonds.

Proteins usually are almost neutral molecules; that is,
they have neither acidic nor basic properties. This means
that the acidic carboxyl (— COO-) groups of aspartic and
glutamic acid are about equal in number to the amino
acids with basic side chains. Three such basic amino ac-
ids, each containing six carbon atoms, occur in proteins.
The one with the simplest structure, lysine, is synthesized
by plants but not by animals. Even some plants have a
low lysine content. Arginine is found in all proteins; it
occurs in particularly high amounts in the strongly basic
protamines (simple proteins composed of relatively few
amino acids) of fish sperm. The third basic amino acid is
histidine. Both arginine and histidine can be synthesized
by animals. Histidine is a weaker base than either lysine
or arginine. The imidazole ring, a five-membered ring
structure containing two nitrogen atoms in the side chain
of histidine (see Figure 1), acts as a buffer (i.e., a
stabilizer of hydrogen ion concentration) by binding hy-
drogen ions (H+) to the nitrogen atoms of the imidazole
ring.

The remaining amino acids— phenylalanine, tyrosine,
and tryptophan— havein common an aromatic structure;
i.e., @ benzene ring is present (see Figure 1). Animals
cannot synthesize the benzene ring; therefore these three
amino acids are essential ones. Animals can convert
phenylalanine to tyrosine, however. Because these three
amino acids contain benzene rings, they can absorb ultra-
violet light at wavelengths between 270 and 290
nanometres (nm; one nanometre = 10-? metre = ten
angstrom units). Phenylalanine absorbs very little ultra-
violet light; tyrosine and tryptophan, however, absorb it
strongly and are responsiblefor the absorption band most
proteins exhibit at 280-290 nanometres. This absorption
Is frequently used to determine the quantity of protein
present in protein samples.

Most proteins contain only the amino acids described
above; however, other amino acids occur in proteins in
small amounts. Thyroglobulin, the hormone of the thy-
roid gland, for example, contains thyroxine, which is an
iodine-containing compound derived from tyrosine. The
collagen found in connective tissue contains, in addition
to hydroxyproline, small amounts of hydroxylysine.
Other proteins contain some monomethyl- , dimethyl-, or
trimethyllysine—i.e., lysine derivatives containing one,
two, or three methyl groups (—CH,). The amount of
these unusual amino acids in proteins, however, rarely
exceeds 1 or 2 percent of the total amino acids.

Physicochemical properties of the amino acids. The
physicochemical properties of a protein are determined
by the analogous properties of the amino acids in it.

The a-carbon atom of all amino acids, with the excep-
tion of glycine, is asymmetric; this means that four
different chemical entities (atoms or groups of atoms)
are attached to it. As a result, each of the amino acids,
except glycine, can exist in two different spatial, or
geometric, arrangements (i.e., isomers), which are mir-
ror images akin to right and left hands (see Formula 4).
These isomers exhibit the property of optical rotation.

Optical rotation isthe rotation of the plane of polarized
light, which is composed of light waves that vibrate in
one plane, or direction, only. Solutions of substances that
rotate the plane of polarization are said to be optically
active, and the degree of rotation is caled the optical
rotation of the solution. The direction in which the light
is rotated is generally designed as plus, or d, for
dextrorotatory (to the right), or as minus, or I, for
levorotatory (to the left). Some amino acids are dex-
trorotatory; others are levorotatory. With the excep-
tion of a few small proteins (peptides) that occur in
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bacteria, the amino acids that occur in proteins have the
configuration shown on the left of Formula 4. For this
reason all the amino acids found in proteins are designed
as L-amino acids.

N,HZ NHn
R\(E:*/H H\é*’R
| 1
COOH COOH
L-amino acid p-amino acid

Formula 4: The tetrahedral (four-faced) arrangement of the
bonds around the a-carbon (C*). The solid lines represent
bonds that slant upward from the plane of the drawing (i.e.,
toward the reader). The broken lines represent bonds that
recede from the plane of the drawing (i.e., away from the
reader).

In bacteria, D-alanine and some other p-amino acids
have been found as components of gramicidin and baci-
tracin. These peptides are toxic to other bacteria and are
used in medicine as antibiotics. The p-alanine has also
beenfound in some peptides of bacterial membranes.

I n contrast to most organic acids and amines, the amino
acids are insoluble in organic solvents. In aqueous solu-
tions they are dipolar ions (zwitterions, or hybrid ions)
that react with strong acids or bases in a way that leadsto
the neutralization of the negatively or positively charged
ends, respectively. Because of their reactions with strong
acids and strong bases, the amino acids act as buffers—
stabilizers of hydrogen ion (H*) or hydroxide ion
(OH-) concentrations. In fact, glycine is frequently used
as a buffer in the pH range from 1 to 3 (acid solutions)
and from 9 to 12 (basic solutions). In acid solutions,
glycine has a positive charge and therefore migrates to
the cathode (negative electrode of a direct-current elec-
trical circuit with terminals in the solution). Its charge,
however, is negative in alkaline solutions, in which it
migrates to the anode (positive electrode). At pH 6.1
glycine does not migrate, because each molecule has one
positive and one negative charge. The pH at which an
amino acid does not migrate in an electrical field is
called the isoelectric point. Most of the monoamino
acids (i.e., those with only one amino group) have
isoelectric points similar to that of glycine. The isoelec-
tric points of aspartic and glutamic acids, however, are
close to pH 3; and those of histidine, lysine, and arginine
areat pH 7.6, 9.7, and 10.8, respectively.

Amino acid sequencein protein molecules. Since each
protein molecule consists of a long chain of amino acid
residues, linked to each other by peptide bonds, the hydro-
lytic cleavage of all peptide bondsis a prerequisite for the
quantitative determination of the amino acid residues.
Hydrolysis is most frequently accomplished by boiling
the protein with concentrated hydrochloric acid. The
quantitative determination of the amino acidsis based on
the discovery that amino acids can be separated from
each other by chromatography on filter paper and made
visible by spraying the paper with ninhydrin. The amino
acids of the protein hydrolysate are separated from each
other by passing the hydrolysate through a column of
adsorbents which adsorb the amino acids with different
affinities and, on washing the column with buffer solu-
tions, release them in a definite order. The amount of
each of the amino acids can be determined by the inten-
sity of the colour reaction with ninhydrin.

T o obtain information about the sequence of the amino
acid residues in the protein, the protein is degraded step-
wise, one amino acid being split off in each step. Thisis
accomplished by coupling the free a-amino group
(—NH,) of the N-terminal amino acid with pheny! iso-
thiocyanate; subsequent mild hydrolysis does not affect
the peptide bonds; the procedure, caled the Edman de-
gradation, can be applied repeatedly; it thus reveals the
sequence of the amino acidsin the peptide chain.

Unavoidable small losses that occur during each step
make it impossible to determine the sequence of more
than about 30 to 50 amino acids by this procedure. For
this reason the protein is usually first hydrolyzed by expo-

sure to the enzyme trypsin (see below, Catalytic prot eins:
Enzymes), which cleaves only peptide bonds formed by
the carboxyl groups of lysine and arginine. The Edman
degradation is then applied to each of the few resulting
peptides produced by the action of trypsin. Further infor-
mation can be gained by hydrolyzing another portion of
the protein with another enzyme, for instance with chy-
motrypsin, which splits predominantly peptide bonds
formed by the amino acids tyrosine, phenylaanine, and
tryptophan. The combination of results obtained with
two or more different proteolytic (protein degrading)
enzymes was first applied by the English biochemist
Frederick Sanger, and it enabled him to elucidate the
amino acid sequence of insulin. The amino acid se-
quences shown in formulas 7 to 11 and those of many
other proteins have been determined in this manner.

LEVELS OF STRUCTURAL ORGANIZATION IN PROTEINS

Primary structure. Analytical and synthetic proce-
dures reveal only the primary structure of the proteins—
that is, the amino acid sequence of the peptide chains.
They do not reveal information about the conformation
(arrangement in space) of the peptide chain—that is,
whether the peptide chain is present as a long straight
thread or is irregularly coiled and folded into a globule.
The configuration, or conformation, of a protein is deter-
mined by mutual attraction or repulsion of polar or
nonpolar groups in the side chains (R groups) of the
amino acids. The former have positive or negative
charges in their side chains; the latter repel water but
attract each other. Some parts of a peptide chain con-
taining 100 to 200 amino acids may form a loop, or
helix; others may be straight or form irregular cails.

The terms secondary, tertiary, and quaternary structure
are frequently applied to the configuration of the pep-
tide chain of a protein. A nomenclature committee of
the International Union of Biochemistry (1uB) has de-
fined these terms as follows: The primary structure of a
protein is determined by its amino acid sequence without
any regard for the arrangement of the peptide chain in
space. The secondary structure is determined by the
spatial arrangement of the main peptide chain without
any regard for the conformation of side chains or other
segments of the main chain. The tertiary structure is
determined by both the side chains and other adjacent
segments of the main chain, without regard for neigh-
bouring peptide chains. Finally, the term quaternary
structure is used for the arrangement of identical or dif-
ferent subunits of a large protein in which each subunit
is a separate peptide chain.

Secondary structure. The nitrogen and carbon atoms
of apeptide chain cannot lie on a straight line because of
the magnitude of the bond angles between adjacent atoms
of the chain; the bond angle is about 110". Each of the
nitrogen and carbon atoms can rotateto a certain extent,
however, so that the chain has a limited flexibility.
Because all of the amino acids, except glycine, are
asymmetric L-amino acids, the peptide chain tends to
assume an asymmetric helical shape; some of the fibrous
proteins consist of elongated helices around a straight
screw axis. Such structural features result from proper-
ties common to all peptide chains. The product of their
effectsis the secondary structure of the protein.

Tertiary structure. The tertiary structure is the prod-
uct of the interaction between the side chains (R) of the
amino acids comprising the protein. Some of them con-
tain positively or negatively charged groups, others are
polar, and still others are nonpolar. The number of car-
bon atoms in the side chain variesfrom zero in glycine to
nine in tryptophan (see Figure 1). Positively and nega-
tively charged side chains have the tendency to attract
each other; side chains with identical charges repel each
other. The bonds formed by the forces between the nega-
tively charged side chains of aspartic or glutamic acid on
the one hand, and the positively charged side chains of
lysine or arginine on the other hand, are called salt
bridges. Mutual attraction of adjacent peptide chains also
results from the formation of numerous hydrogen bonds.
They are shown by dotted lines in the diagram of an
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Formula 5: The antiparallel pleated sheet structure.

between the nitrogen-bound hydrogen atom (the imide
hydrogen) and the unshared pair of electrons of the oxy-
gen atom m the double bonded carbon-oxygen group
(the carbonyl group) (=C=0). The result is a dight
displacement of the imide hydrogen toward the oxygen
atom of the carbonyl group. Although the hydrogen bond
is much weaker than a covalent bond (i.e., the type of
bond between two carbon atoms, which equally share the
pair of bonding electrons between them), the large num-
ber of imide and carbonyl groups in peptide chainsresults
in the formation of numerous hydrogen bonds. Another
type of attraction isthat between nonpolar side chains of
valine, leucine, isoleucine, and phenylalanine; the attrac-
tion results in the displacement of water molecules and
is called hydrophobic interaction.

In proteins rich in cystine, the conformation of the pep-
tide chain is determined to a considerable extent by the
disulfide bonds (—S—S—) of cystine. The halvesd cys-
tine may be located in different parts of the peptide chain
and thus may form aloop closed by the disulfide bond, as
shown in Formula6. If the disulfidebond is reduced (i.e.,

half
cysteine

the disulfide

the line represents
a peptide chain of

H,N

HOOC

half

cystemne

the disulfide-bonded
pair is cystine

Formula 6: The disulfide bridge between two cystine halves
in an amino acid chain showing how loops in the chain are
formed by this amino acid.

hydrogen is added) to two sulfhydryl (—SH) groups, the
tertiary structure of the protein undergoes a drastic
change--closed loops are broken and adjacent disulfide-
bonded peptide chains separate.

Quaternary structure. The nature of the quaternary
structure isdemonstrated by the structure of hemoglobin.
Each molecule of human hemoglobin consists of four
peptide chains, two a-chains and two 8-chains; i.e., it is
a tetramer. The four subunits are linked to each other
by hydrogen bonds and hydrophobic interaction. Because
the four subunits are so closely linked, the hemoglobin
tetramer is called a molecule, even though no covalent
bonds occur between the peptide chains of the four sub-
units. In other proteins, the subunits are bound to each
other by covalent bonds (disulfide bridges; see below the
structure of insulin in Formula 8).

THE ISOLATION AND DETERMINATION OF PROTEINS

Animal material usually contains large amounts of pro-
tein and lipids (fats) and small amounts of carbohydrate;

Protein

in plants, the bulk of the dry matter is usually carbohy-
drate. No general method exists for the isolation of pro-
teins from organs or tissues. If it is necessary to deter-
mine the amount of protein in a mixture of animal food-
stuffs, a sample is converted to ammonium salts by boil-
ing with sulfuric acid and a suitable inorganic catalyst,
such as copper sulfate (Kjeldahl method). The method is
based on the assumption that proteins contain 16 percent
nitrogen, and that nonprotein nitrogen is present in very
small amounts. The assumption is justified for most
tissues from higher animals but not for insects and crusta-
ceans, in which a considerable portion of the body nitro-
gen is present in the form of chitin, a carbohydrate. Large
amounts of nonprotein nitrogen are also found in the sap
of many plants. In such cases, the precise quantitative
analyses are made after the proteins have been separated
from other biological compounds.

Proteins are sensitive to heat, acids, bases, organic sol-
vents, and radiation exposure; for this reason, the chemi-
cal methods employed to purify organic compounds
cannot be applied to proteins. Salts and molecules of
small size are removed from protein solutions by dialysis;
i.e., by placing the solution into a sac of semipermeable
material, such as cellulose or acetylcellulose, which will
alow small molecules to pass through but not large
protein molecules, and immersing the sac in water or a
sat solution. Small molecules can also be removed
either by passing the protein solution through a column
of resin that adsorbsonly the protein or by gel filtration.
In gel filtration, the large protein molecules passthrough
the column, and the small molecules are adsorbed to
the gel.

Groups of proteins are separated from each other by
salting out—i.e., the stepwise addition of sodium sulfate
or ammonium sulfate to a protein solution. Some pro-
teins, called globulins, become insoluble and precipitate
when the solution is half-saturated with ammonium sul-
fate or when its sodium sulfate content exceeds about 12
percent. Other proteins, the albumins, can be precipitated
from the supernatant solution (i.e., the solution remain-
ing after a precipitation has taken place) by saturation
with ammonium sulfate. Water-soluble proteins can be
obtained in a dry state by freeze-drying (lyophilization).
in which the protein solution is deep-frozen by lowering
the temperature below — 15" C (5" F) and removing the
water; the protein is obtained asa dry powder.

Most proteins are insoluble in boiling water and are
denatured by it—i.e., irreversibly converted into an insol-
uble material. Heat denaturation cannot be used with
connective tissue because the principal structural protein,
collagen, is converted by boiling water into water-soluble
gelatin.

Fractionation (separation into components) of a mix-
ture of proteins of different molecular weight can be
accomplished by gel filtration. The size of the proteins
retained by the gel depends upon the properties of the gel.
The proteins retained in the gel are removed from the
column by solutions of a suitable concentration of salts
and hydrogenions.

Although many proteins were originally obtained in
crystalline form, crystallinity is not proof of purity; in
fact, many crystalline protein preparations contain other
substances. Various tests are used to determine whether
a protein preparation contains only one protein. The
purity of a protein solution can be determined by such
techniques as chromatography and gd filtration. In addi-
tion, a solution of pure protein will yield one peak when
spun in a centrifuge at very high speeds (ultracentri-
fugation) and will migrate asa single band in electropho-
resis (migration of the protein in an electrica field).
Only after all of these methods (and others, such as
amino acid analysis) indicate that the protein solution is
pure, can it be considered so. Because chromatography,
ultracentrifugation, and electrophoresis cannot be ap-
plied to insoluble proteins, very little is known about
them; they may be mixtures of many similar proteins.

Very small (microheterogeneous) differences in some
of the apparently pure proteins are known to occur; they
are differences in the amino acid composition of other-
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wise identical proteins and are transmitted from genera-
tion to generation; i.e., they are genetically determined;
for example, some humans have two hemoglobins, he-
moglobin A and hemoglobin S, which differ in one amino
acid at a specific site in the molecule. In hemoglobin A
the site is occupied by glutamic acid, and in hemoglobin
S by valine. Refinement of the techniques of protein
analysis has resulted in the discovery of other instances
of "microheterogeneity."

The quantity of a pure protein can be determined by
weighing or by measuring the ultraviolet absorbancy at
280 nanometres. The absorbency at 280 nanometres de-
pends on the content of tyrosine and tryptophan in the
protein (see above The amino acid composition of pro-
teins). Sometimes the dlightly less sensitive biuret reac-
tion, a purple colour given by alkaline protein solutions
upon the addition of copper sulfate, is used; its intensity
depends only on the number of peptide bonds per gram,
which issimilar in al proteins.

PHY SICOCHEMICAL PROPERTIES CF PROTEINS

The molecular weight of proteins. The molecular
weight of proteins cannot be determined by the methods
of classica chemistry (e.g., freezing-point depression)
because they require solutions of a higher concentration
of protein than can be prepared.

If a protein contains only one molecule of one of the
amino acids or one atom of iron, copper, or another
element, the minimum molecular weight of the protein or
a subunit can be calculated; for example, the protein
myoglobin contains 0.34 gram of iron in 100 grams of
protein. The atomic weight of iron is 56; thus the mini-
mum molecular weight of myoglobin is (56 X 100)/0.34
= about 16,500. Direct measurements of the molecular
weight of myoglobin yield the same value. The molecular
weight of hemoglobin, however, which also contains 0.34
percent iron, has been found to be 66,000 or 4 x 16,500;
thus hemoglobin containsfour atoms of iron.

The method most frequently used to determine the mo-
lecular weight of proteins is ultracentrifugation; i.e., spin-
ning in a centrifuge at velocities up to about 60,000 revo-
lutions per minute. Centrifugal forces of more than
200,000 times the gravitational force on the surface of
the Earth are achieved at such velocities. The first ultra-
centrifuges, built in 1920, were used to determine the
molecular weight of proteins. The molecular weights of
a large number of proteins have been determined. Most
consist of several subunits, the molecular weight of which
is usually less than 100,000 and frequently ranges from
20,000 to 30,000. Proteins of very high molecular
weights are found among hemocyanins, the copper-con-
taining respiratory proteins of invertebrates, some range
as high as several million. Although there is no definite
lower limit for the molecular weight of proteins, short
amino acid sequences are usualy called peptides.

The shape of protein molecules. In the technique of
X-ray diffraction the X-rays are alowed to strike a pro-
tein crystal; the X-rays, diffracted (bent) by the crystal,
impinge on a photographic plate, forming a pattern of
spots. This method reveals that peptide chains can assume
very complicated, apparently irregular shapes. Two ex-
tremes in shape include the closely folded structure of the
globular proteins and the elongated, unidimensional
structure of the threadlike fibrous proteins; both were
recognized many years before the technique of X-ray
diffraction was developed. Solutions of fibrous proteins
are extremely viscous (i.e., sticky); those of the globular
proteins have low viscosity (i.e., they flow easily). A 5
percent solution of a globular protein— ovalbumin, for
example— easily flows through a narrow glass tube; a 5
percent solution of gelatin, a fibrous protein, however,
does not flow through the tube because it is liquid only at
high temperatures and solidifies at room temperature.
Even solutions containing only 1 or 2 percent of gelatin
are highly viscous and flow through a narrow tube either
very slowly or only under pressure. The elongated pep-
tide chains of the fibrous proteins can be imagined to
become entangled not only mechanically but also by mu-
tual attraction of their side chains; in this way they incor-

porate large amounts of water. Most of the hydrophilic
(water-attracting) groups of the globular proteins, how-
ever, lie on the surface of the molecules; as a result,
globular proteins incorporate only a few water mole-
cules. If a solution of a fibrous protein flows through a
narrow tube, the elongated molecules become oriented
parale to the direction of the flow (see Figure 2), and
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Figure 2: Flow birefringence. The upper
diagram shows a solution containing elongated,
rodlike macromolecules that, in the resting
solution, are randomly oriented. The lower
diagram shows the same solution during flow
through a horizontal tube.

the solution thus becomes birefringent like a crystal; i.e.,
it splits a light ray into two components that travel at
different velocities and are polarized at right angles to
each other. Globular proteins do not show this phenome-
non, which is called flow birefringence. Solutions of
myosin, the contractile protein of muscles, show very
high flow birefringence; other proteins with very high
flow birefringence include solutions of fibrinogen, the
clotting material of blood plasma, and solutions of tobac-
co mosaic virus. The gamma-globulins of the blood plas-
ma show low flow birefringence; and none can be ob-
served in solutions of serum abumin and ovalbumin.

Hydration o proteins. When dry proteins are exposed
to air of high water content, they rapidly bind water up to
a maximum quantity, which differs for different proteins;
usualy it is 10 to 20 percent of the weight of the protein.
The hydrophilic groups of a protein are chiefly the posi-
tively charged groups in the side chains of lysine and
arginine and the negatively charged groups of aspartic
and glutamic acid. Hydration (i.e., the binding of water)
may also occur at the hydroxyl (—~OH) groups of serine
and threonine or at the amide (—CONH,) groups of
asparagineand glutamine.

The binding of water molecules to either charged or
polar (partly charged) groupsisexplained by the dipolar
structure of the water molecule; that is, the two positively
charged hydrogen atoms form an angle of about 105°,
with the negatively charged oxygen atom at the apex. The
centre of the positive charges is located between the two
hydrogen atoms; the centre of the negative charge of the
oxygen atom isat the apex of the angle. The negative pole
of the dipolar water molecule binds to positively charged
groups; the positive pole binds negatively charged ones.
The negative pole of the water molecule also binds to the
hydroxyl and amino groups of the protein.

The water of hydration is essential to the structure of
protein crystals, when they are completely dehydrated,
the crystalline structure disintegrates. |n some proteins
this process is accompanied by denaturation and loss of
the biological function.

In agueous solutions, proteins bind some of the water
molecules very firmly; others are either very loosely
bound or form islands of water molecules between loops
of folded peptide chains. Because the water molecules in
such an island are thought to be oriented asin ice, which
is crystalline water, the islands of water in proteins are
called icebergs. Water molecules may also form bridges
between the carbonyl (> C=0) and imino (> NH)
groups of adjacent peptide chains, resulting in structures
similar to those of the pleated sheet (see Formula 5)
but with a water molecule in the position of the hydrogen
bonds of that configuration. The extent of hydration of
protein molecules in aqueous solutions is important, be-
cause some of the methods used to determine the molecu-
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lar weight of proteins yield the molecular weight of the
hydrated protein. The amount of water bound to one
gram of a globular protein in solution varies from 0.2 to
0.5 gram. Much larger amounts of water are mechanical-
ly immobilized between the elongated peptide chains of
fibrous proteins, for example, one gram of gelatin can
immobilize at room temperature 25 to 30 grams of water.

Hydration of proteins is necessary for their solubility in
water. If the water of hydration of a protein dissolved in
water is reduced by the addition of a salt such as ammo-
nium sulfate, the protein is no longer soluble and is
salted out, or precipitated. The salting-out process is re-
versible because the protein is not denatured (i.e., irre-
versibly converted to an insoluble material) by the addi-
tion of such salts as sodium chloride, sodium sulfate, or
ammonium sulfate. Some globulins, caled euglobulins,
are insoluble in water in the absence of salts; their insolu-
bility is attributed to the mutual interaction of polar
groups on the surface of adjacent molecules, a process
that resultsin the formation of large aggregates of mole-
cules. Addition of small amountsd salt causes the euglob-
ulins to become soluble. This process, called salting in,
results from a combination between anions (negatively
charged ions) and cations (positively charged ions) of the
salt and positively and negatively charged side chains of
the euglobulins. The combination prevents the aggrega-
tion of euglobulin molecules by preventing the formation
of salt bridges between them. The addition of more sodi-
um or ammonium sulfate causes the euglobulins to salt
out again and to precipitate.

Electrochemistry of proteins. Because the g-amino
group and a-carboxyl group of amino acids are convert-
ed into peptide bonds (see Formula 2) in the protein
molecule, there is only one a-amino group (at the N
terminus) and one a-carboxy! group (at the C terminus).
The electrochemical character of a protein is affected
very little by these two groups. Of importance, however,
are the numerous positively charged ammonium groups
(—NH,*) o lysine and arginine and the negatively
charged carboxyl groups (—COO-) o aspartic acid and
glutamic acid. In most proteins, the number of positive-
ly and negatively charged groups varies from 10 to 20
per 100 amino acids.

Electrometric titration. When measured volumes of
hydrochloric acid are added to a solution of protein
in salt-free water, the pH decreases in proportion to
the amount of hydrogen ions added until it is about 4.
Further addition of acid causes much less decrease in pH
because the protein acts as a buffer at pH values of 3 to 4.
The reaction that takes place in this pH range is the
protonation of the carboxyl group—i.e., the conversion
of —COO- into —COOH. Electrometric titration of an
isoelectric protein with potassium hydroxide causes a very
slow increase in pH and a weak buffering action of the
protein at pH 7; a very strong buffering action occurs in
the pH range from 9 to 10 (see Figure 3). The buffering
action at pH 7, which is caused by loss of protons (posi-
tively charged hydrogen) from the imidazolium groups
(i.e., the five-member ring structure in the side chain; see
Figure 1) of histidine, is weak because the histidine con-
tent of proteinsisusually low. The much stronger buffer-
ing action at pH values from 9 to 10-is caused by the loss
of protonsfrom the hydroxyl group of tyrosine and from
the ammonium groups of lysine. Finally, protons are lost
from the guanidinium groups (i.e., the nitrogen-contain-
ing terminal portion of the arginine side chains; see Fig-
ure 1) of arginine at pH 12. A curve of the electrometric
titration of glycine is shown in Figure 3. Electrometric
titrations of proteins yield similar curves. Electrometric
titration makes possible the determination of the approxi-
mate number of carboxyl groups, ammonium groups,
histidines, and tyrosines per molecule of protein.

Electrophoresis. The positively and negatively charged
side chains of proteins cause them to behave like ami-
no acids in an electrical field; that is, they migrate dur-
ing electrophoresis at low pH vaues to the cathode
(negative terminal) and at high pH values to the anode
(positive terminal). The isoelectric point, the pH value at
which the protein molecule does not migrate, is in the
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Figure 3: Electrometric titration of glycine. Addition of measured
quantities of known-concentration hvdrochloric acid (HCH to
glycine is shown in the upper half of'the diagram; sodium’
hydroxide (NaOH) in the lower half. The dots indicate the
experimental results. The addition of a trace of acid or base

to pure glycine, the isoelectric point of which is close to pH
6.1, causes a strong change in pH. Glycine acts as a buffer,
however, in the acidic pH range below 3 and in the alkaline
pH range above 8.

range of pH 5 to 7 for many proteins. Proteins such as
lysozyme, cytochrome ¢, histone, and others rich in lysine
and arginine (see Table 2), however, have isoelectric
points in the pH range between 8 and 10. The isoelectric
point of pepsin, which contains very few basic amino
acids, iscloseto 1.

Free-boundary electrophoresis, the original method of
determining electrophoretic migration, has been replaced
in many instances by zone electrophoresis, in which the
proteinis placed in either a gel of starch, agar, or poly-ac-
rylamide or in a porous medium such as paper or cellu-
lose acetate. The migration of hemoglobin and other col-
oured proteins can be followed visually. Colourless pro-
teins are made visible after the completion of electropho-
resis by staining them with a suitable dye.

CONFORMATION OF GLOBULAR PROTEINS

Resultsof X-ray diffractionstudies. Most knowledge
concerning secondary and tertiary structure of globular
proteins has been obtained by the examination o their
crystals using X-ray diffraction. In this technique X-rays
are allowed to strike the crystal; the X-rays are dif-
fracted by the crystal and impinge on a photographic
plate, forming a pattern of spots. The measured inten-
sity of the diffraction pattern, as recorded on a photo-
graphic film, depends particularly on the electron den-
sity of the atoms in the protein crystal. This density is
lowest in hydrogen atoms, and they do not give a visible
diffraction pattern. Although carbon, oxygen, and nitro-
gen atoms yield visible diffraction patterns, they are pres-
ent in such great number —about 700 or 800 per 100
amino acids—that the resolution of the structure of a
protein containing more than 100 amino acids is almost
impossible. Resolution is considerably improved by sub-
stituting into the side chains of certain amino acids very
heavy atoms, particularly those of heavy metals. Mercury
ions, for example, bind to the sulfhydryl (—SH) groups
of cysteine. Platinum chloride has been used in other
proteins. In the iron-containing proteins, the iron atom
already in the molecule is adequate.

Although the X-ray diffraction technique cannot resolve
the complete three-dimensional conformation (that is,
the secondary and tertiary structure of the peptide chain),
complete resolution has been obtained by combination
of the results of X-ray diffraction with those of amino
acid sequence analysis. In this way the complete confor-
mation of such proteins as myoglobin, chymotrypsin-
ogen, lysozyme, and ribonuclease has been resolved.

The X-ray diffraction method has revealed regular
structural arrangements in proteins; one is an extended
form of antiparallel peptide chains that are linked to each
other by hydrogen bonds between the carbonyl (> C=0)
and imino (> NH) groups (shown in Formula 5). This
conformation, called the pleated sheet, or B-structure, is
found in some fibrous proteins. Short strands of the 8-
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structure have also been detected in some globular pro-
teins.

A second important structural arrangement is the a-
helix (see Figure 4); it isformed by a sequence of amino

. carbon atoms

nitrogen atoms

O oxygen atoms
Q hydrogen atoms

acids wound around a straight axis in either a right-hand-
ed or a left-handed spiral. Each turn of the helix corre-
sponds to a distance of 5.4 angstroms (= 0.54 nano-
metre) in the direction of the screw axis and contains 3.7
amino acids. Hence, the length of the a-helix per amino
acid residue is 5.4 divided by 3.7, or 1.5 angstroms (one
angstrom = 0.1 nanometre = 10-1¢ metre). The stabili-
ty of the a-helix is maintained by hydrogen bonds be-
tween the carbonyl and imino groups of neighbouring
turns of the heix. It was once thought, based on data
from analyses of the myoglobin molecule, more than half
of which consists of a-helices, that the a-helix is the pre-
dominant structural element of the globular proteins; itis
now known that myoglobin is exceptional in this respect.
The other globular proteins for which the structures have
been resolved by X-ray diffraction contain only small
regions of a-helix. In most of them the peptide chains are
folded in an apparently random fashion (see Figure 5),
for which the term random coil has been used. The
term is misleading, however, because the folding is not
random; rather, it is dictated by the primary structure
and modified by the secondary and tertiary structures.
The first proteins for which the internal structures were
completely resolved are the iron-containing proteins
myoglobin and hemoglobin. The investigation of the hy-
drated crystals of these proteins at Cambridge by Max
Perutz and J.C. Kendrew, who won a Nobel Prize for
their work, revealed that the folding of the peptide chains
is so tight that most of the water is displaced from the
centre of the globular molecules. The amino acids that
carry the ammonium (—NH,+) and carboxyl (—COO-)

Figure 4: The a-helix (see text).

groups were found to be shifted to the surface of the
globular molecules, and the nonpolar amino acids were
found to be concentrated in the interior.

Other approaches to the determination of protein struc-
ture. None of the several other physical methods that
have been used to obtain information on the secondary
and tertiary structure of proteins provides as much direct
information as the X-ray diffraction technique. Most of
the techniques, however, are much more simple than
X-ray diffraction, which requires, for the resolution of
the structure of one protein, many years of work and
equipment such as electronic computers. Some of the
simpler techniques are based on the optical properties
of proteins— refractivity, absorption of light of different
wavelengths, rotation of the plane polarized light at dif-
ferent wavelengths, and luminescence.

Spectrophotometric behaviour. Spectrophotometry of
protein solutions (the measurement of the degree of ab-
sorbance of light by a protein within a specified wave-
length) is useful within the range of visible light only
with proteins that contain coloured prosthetic groups
(the nonprotein components). Examplesof such proteins
include the red heme proteins of the blood, the purple
pigments of the retina of the eye, green and yellow pro-
teins that contain bile pigments, blue copper-containing
proteins, and dark brown proteins called melanins. Pep-
tide bonds, because of their carbonyl groups, absorb light
energy at very short wavelengths (185-200 nanometres).
The aromatic rings of phenylalanine, tyrosine, and tryp-
tophan (see Figure 1), however, absorb ultraviolet
light between wavelengths of 280 and 290 nanometres.
The absorbance of ultraviolet light by tryptophan is
greatest, that of tyrosine isless, and that of phenylalanine
is least. If the tyrosine or tryptophan content of the pro-
tein is known, therefore, the concentration of the protein
solution can be determined by measuring its absorbance
between 280 and 290 nanometres.

Optical activity. It will be recalled that the amino ac-
ids, with the exception of glycine, exhibit optical activity
(rotation of the plane of polarized light; see above, Physi-
cochemical properties of the amino acids). It is not sur-
prising, therefore, that proteins also are optically active.
They are usually levorotatory (i.e., they rotate the plane
of polarization to the left) when polarized light of wave-
lengths in the visible range is used. Although the specific
rotation (a function of the concentration of a protein
solution and the distance the light travels in it) of most
L-amino acids varies from —30" to 4-30°, the amino
acid cystine has a specific rotation of approximately
—300". Although the optical rotation of a protein
depends on al of the amino acids, the most important
ones are cystine and the aromatic amino acids phenylal-
anine, tyrosine, and tryptophan. The contribution of the
other amino acids to the optical activity of a protein is
negligibly small.

Chemical reactivity of proteins. Information on the
internal structure of proteins can be obtained with chemi-
cal methods that reveal whether certain groups are pres-
ent on the surface of the protein molecule and thus able
to react or whether they are buried inside the closely
folded peptide chains and thus are unable to react. The
chemical reagents used in such investigations must be
mild ones that do not affect the structure of the protein.

The reactivity of tyrosine is of special interest. It has
been found, for example, that only three of the six tyro-
sines found in the naturally occurring enzyme ribonu-
clease can be iodinated (i.e., reacted to accept an iodine
atom). Enzyme-catalyzed breakdown of iodinated ribonu-
clease is used to identify the peptides in which the iodi-
nated tyrosines are present. The three tyrosines that can
beiodinated lie on the surface of ribonuclease; the others,
assumed to be inaccessible, are said to be buried in the
molecule. Tyrosine can also be identified by using other
techniques; e.g., treatment with diazonium compounds or
tetranitromethane. Because the compounds formed are
coloured, they can easily be detected when the protein is
broken down with enzymes.

Cysteine can be detected by coupling with compounds
such as iodoacetic acid or iodoacetamide; the reaction
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results in the formation of carboxymethylcysteine or
carbamidomethylcysteine, which can be detected by ami-
no acid determination of the peptides containing them.
The imidazole groups of certain histidines can also be
located by coupling with the same reagents under differ-
ent conditions. Unfortunately, few other amino acids
can be labelled without changes in the secondary and
tertiary structure of the protein.

Association of protein subunits. Many proteins with
molecular weights of more than 50,000 occur in agueous
solutions as complexes. dimers, tetramers, and higher
polymers—i.e., as chains of two, four, or more repeating
basic structural units. The subunits, which are called
monomers or protomers, usually are present as an even
number. Lessthan 10 percent of the polymers have been
found to have an odd number of monomers. The ar-
rangement of the subunits is thought to be regular and
may be cyclic, cubic, or tetrahedral. Some of the small
proteins also contain subunits. Insulin, for example, with
a molecular weight of about 6,000, consists of two pep-
tide chains linked to each other by disulfide bridges
(—S—S—). Similar interchain disulfide bonds have been
found in the immunoglobulins. In other proteins, hydro-
gen bonds and hydrophobic bonds (resulting from the
interaction between the amino acid side chains of valine,
leucine, isoleucine, and phenylalanine) cause theforma-
tion of aggregates of the subunits. The subunits of some
proteins are identical; those of othersdiffer. Hemoglobin
Isatetramer consisting of two a-chainsand two p-chains.

Protein denaturation. When a solution of a protein is
boiled, the protein frequently becomes insoluble—i.e., it
is denatured — and remains insoluble even when the solu-
tion is cooled. The denaturation of the proteins of egg
white by heat—as when boiling an egg—is an example of
irreversible denaturation. The denatured protein has the
same primary structure asthe original, or native, protein.
The weak forces between charged groups and the weaker
forces of mutual attraction of nonpolar groups are dis-
rupted at elevated temperatures, however; as a result, the
tertiary structure of the protein islost. In some instances
the original structure of the protein can be regenerated;
the processiscalled renaturation.

Denaturation can be brought about in various ways.
Proteins are denatured by treatment with akaline or
acid, oxidizing or reducing agents, and certain organic
solvents. Interesting among denaturing agents are those
that affect the secondary and tertiary structure without
affecting the primary structure. The agents most fre-
quently used for this purpose are urea and guanidinium
chloride. These molecules, because of their high affinity
for peptide bonds, break the hydrogen bonds and the
salt bridges between positive and negative side chains,
thereby abolishing the tertiary structure of the peptide
chain. When denaturing agents are removed from a pro-
tein solution, the native protein re-forms in many cases.
Denaturation can also be accomplished by reduction of
the disulfide bonds of cystine—i.e., conversion o the
disulfide bond (—S—S—) to two sulfhydryl groups
(—SH). This, of course, results in the formation d two
cysteines. Reoxidation of the cysteines by exposureto air
sometimes regenerates the native protein. In other cases,
however, the wrong cysteines become bound to each
other, resulting in a different protein. Finally, denatura-
tion can also be accomplished by exposing proteins to or-
ganic solvents such as ethanol or acetone. It is believed
that the organic solvents interfere with the mutual attrac-
tion of nonpolar groups.

Some of the smaller proteins, however, are extremely
stable, even against heat; for example, solutions of
ribonuclease can be exposed for short periods of time
to temperatures of 90° C (194" F) without under-
going significant denaturation. Denaturation does not
involveidentical changesin protein molecules, a common
property of denatured proteins, however, is the loss of
biological activity—e.g., the ability to act as enzymes or
hormones.

Although denaturation had long been considered an
all-or-none reaction, it is now thought that many interme-
diary states exist between native and denatured protein.
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In some instances, however, the breaking of a key bond
could be followed by the complete breakdown of the
conformation of the native protein.

Although many native proteins are resistant to the ac-
tion of the enzyme trypsin, which breaks down proteins
during digestion, they are hydrolyzed by the same en-
zyme after denaturation. Evidently, the peptide bonds
that can be split by trypsin are inaccessible in the native
proteins but become accessible during denaturation.
Similarly, denatured proteins give more intense colour
reactions for tyrosine, histidine, and arginine than do
the same proteins in the native state. The increased ac-
cessibility of reactive groups of denatured proteins is
attributed to an unfolding of the peptide chains.

If denaturation can be brought about easily and if rena-
turation is difficult, how is the native conformation of
globular proteins maintained in living organisms, in
which they are produced stepwise, by incorporation of
one amino acid at a time? Experiments on the biosynthe-
sis of proteins from amino acids containing radioactive
carbon or heavy hydrogen reveal that the protein mole-
cule grows stepwise from the N terminus to the C termi-
nus; in each step a single amino acid residue is incorpo-
rated. As soon as the growing peptide chain contains six
or seven amino acid residues, the side chains interact with
each other and thus cause deviations from the straight
or p-chain configuration shown in Formula 3. Depending
on the nature of the side chains, this may result in the
formation of an a-helix (Figure 4) or of loops closed by
hydrogen bonds (Formula 5) or disulfide bridges (For-
mula 6). The final conformation is probably frozen
when the peptide chain attains a length of 50 or more
amino acid residues.

Conformation of proteins in interfaces. Like many
other substances with both hydrophilic and hydrophobic
groups, soluble proteins tend to migrate into the interface
between air and water or oil and water; the term oil here
means a hydrophobic liquid such as benzene or xylene.
Within the interface, proteins spread, forming thin films.
Measurements of the surface tension, or interfacial ten-
sion, o such filmsindicate that tension is reduced by the
protein film. Proteins, when forming an interfacial film,
are present as a monomolecular layer; i.e., a layer one
molecule in height. Although it was once thought that
globular protein molecules unfold completely in the in-
terface, it has now been established that many proteins
can be recovered from films in the native state. The appli-
cation of lateral pressure on a protein film causes it to
increase in thickness and finally to form a layer with a
height corresponding to the diameter of the native pro-
tein molecule. Protein molecules in an interface, because
of Brownian motions (molecular vibrations), occupy
much more space than do those in the film after the ap-
plication of pressure. The Brownian motion of com-
pressed molecules is limited to the two dimensions of the
interface, since the protein molecules cannot move up-
ward or downward.

The motion of protein molecules at the air—water inter-
face has been used to determine the molecular weight of
proteins. The technique involves measuring the force ex-
erted by the protein layer on a barrier.

When a protein solution is vigorously shaken in air, it
forms a foam, because the soluble proteins migrate into
the air-water interface and persist there, preventing or
slowing the reconversibn of the foam into a homogene-
ous solution. Some of the unstable, easily modified
proteins are denatured when spread in the air-water in-
terface. The formation of a permanent foam when egg
white is vigorously stirred is an example of irreversible
denaturation by spreading in a surface.

CLASSIFICATION OF PROTEINS

Classification by solubility.  After two famous German
chemists Emil Fischer and Franz Hofmeister indepen-
dently stated in 1902 that proteins are essentialy poly-
peptides consisting of many amino acids, an attempt was
made to classify proteins according to their chemical and
physical properties, because the biological function of
proteins had not yet been established. (The protein char-
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acter of enzymes was not proved until the 1920s.) Pro-
teins were classified primarily according to their solubili-
ty in a number of solvents. This classification is no longer
satisfactory, however, because proteins of quite different
structure and function sometimes have similar solubili-
ties; conversely, proteins of the same function and similar
structure sometimes have different solubilities. The terms
associated with the old classification, however, are still
widely used. They are defined below.

Albumins are proteins that are soluble in water and in
water half-saturated with ammonium sulfate. On the
other hand, globulins are salted out (i.e., precipitated) by
half-saturation with ammonium sulfate. Globulins that
are soluble in salt-free water are called pseudoglobulins;
those insoluble in salt-free water are euglobulins. Both
prolamins and glutelins, which are plant proteins, are
insoluble in water; the prolamins dissolve in 50 to 80
percent ethanol, the glutelins in acidified or alkaline solu-
tion. The term protamineis used for a number of proteins
in fish sperm that consist of approximately 80 percent
arginine and therefore are strongly akaline. Histones,
which are less alkaline, apparently occur only in cel
nuclei, where they are bound to nucleic acids. The term
scleroproteins has been used for the insoluble proteins of
animal organs. They include keratin, the insoluble protein
of certain epithelial tissues such as the skin or hair, and
collagen, the protein of the connective tissue. A large
group of proteins has been caled conjugated proteins,
becanse they are complex molecules of protein consist-
ing of protein and nonprotein moieties. The nonprotein
portion is caled the prosthetic group. Conjugated proteins
can be subdivided into mucoproteins, which, in addition
to protein, contain carbohydrate; lipoproteins, which
contain lipids (fats); phosphoproteins, which are rich in
phosphate; chromoproteins, which contain pigments
such as iron-porphyrins, carotenoids, bile pigments, and
melanin; and finally, nucleoproteins, which contain nu-
cleic acid.

The weakness of the above classification lies in the fact
that many, if not al, globulins contain small amounts of
carbohydrate; thus there is no sharp borderline between
globulins and mucoproteins. Moreover, the phosphopro-
teins do not have a prosthetic group that can be isolated;
they are merely proteins in which some of the hydroxyl
groups of serine are phosphorylated (i.e., contain phos-
phate). Finally, the globulins include proteins with quite
different roles—enzymes, antibodies, fibrous proteins,
and contractile proteins.

Classfication by biological functions. In view of the
unsatisfactory state of the old classification, it is prefera-
ble to classify the proteins according to their biological
function. Such a classification isfar from ideal, however,
because one protein can have more than one function.
The contractile protein myosin, for example, also acts as
an Atpase (adenosine triphosphatase), an enzyme that
hydrolyzes adenosine triphosphate (removes a phosphate
group from ATP by introducing a water molecule). In
addition, the definite function of a protein frequently is
not known. A protein cannot be called an enzyme as long
as its substrate (the specific compound upon which it
acts) is not known. It cannot even be tested for its enzy-
matic action when its substrateis not known.

II. Special structureand function of proteins

Despite its weaknesses, a functional classification is used
herein order to demonstrate, whenever possible, the cor-
relation between the structure and function of a protein.
The structural, fibrous proteins are presented first, be-
cause their structure is simpler than that of the globular
proteins and more clearly related to their function, which
isthe maintenance of either arigid or aflexible structure.

STRUCTURAL PROTEINS

Scleroproteins.  Collagen. Collagen is the structural
protein of bones, tendons, ligaments, and skin. For many
years collagen was considered to be insoluble in water.
Part of the collagen of calf skin, however, can be extract-
ed with citrate buffer at pH 3.7. A precursor of collagen
called procollagen is converted in the body into collagen.

Procollagen has a molecular weight of 120,000. Cleav-
age of one or a few peptide bonds of procollagen yields
collagen, which hasthree subunits, each with a molecular
weight of 95,000; therefore, the molecular weight of col-

lagen is 285,000 (3 x 95,000). The three subunits are Structure
wound as spirals around an elongated straight axis. The of

length of each subunit is 2,900 angstroms, and its diam- collagen
eter is approximately 15 angstroms. The three chains are

staggered, so that the trimer has no definite terminal lim-

its.

The amino acid composition of collagen is shown in
Table 1. It differs from al other proteins in its high
content of proline and hydroxyproline. Hydroxyproline
does not occur in significant amountsin any other protein
except elastin. Most of the proline in collagen is present
in the sequence glycine-proline-X, in which X is fre-
quently alanine or hydroxyproline. Collagen does not
contain cystine or tryptophan and therefore cannot sub-
stitute for other proteins in the diet. The presence of
proline causes kinksin the peptide chain and thus reduces
the length of the amino acid unit from 3.7 angstroms in
the extended chain of the B-structure to 2.86 angstroms
in the collagen chain. In the intertwined triple helix, the
glycines are inside, close to the axis; the prolines are
outside.

Table1: AminoAcid Content of Some Proteins

amino acid* protein

a-casein gliadin edestin collagen keratin myosin
ox hide) (wool)

Lysine 60.9 445 199 27.4 6.2 85

Histidine 18.7 11.7 18.6 45 19.7 15

Arginine 24.7 15.7 99.2 47.1 56.9 41

Aspartic acid{ 63.1 10.1 99.4 51.9 515 85

Threonine 41.2 17.6 31.2 19.3 55.9 41

Serine 63.1 467 55.7 41.0 795 41

Glutamic acidt 1531 3110 1449 76.2 99.0 155

Proline 713 1178 329 1252 58.3 22

Glycine 37.3 — 68.0 354.6 78.0 39

Alanine 41.5 23.9 57.7 115.7 43.8 78

Half cystine 36 213 10.9 0.0 1050 86

Valine 538 227 54.6 21.4 46.6 42

Methionine 16.8 11.3 16.4 6.5 4.0 22

Isoleucine 48.8 s0.81 49 14.5 29.0 42

Leucine 60.3 : 60.0 28.2 50.9 79

Tyrosine 4.7 17.7 26.9 55 28.7 18

Phenylalanine 27.9 39.0 384 139 22.4 27

Tryptophan 7.8 3.2 6.6 0.0 9.6 —

Hydroxyproline 0.0 0.0 0.0 97.5 12.2 —

Hydroxylysine —_ — — 8.0 12 —

Total 839 765 883 1,058 863 832

Averageresidual 119 131 113 95 117 120

weight

'‘Number of amino acids is given per 100,000 daltons of protein—i.e., the

number of gram molecules of amino acid per 100,000 grams of protein.

+The valuesfor aspartic and glutamic acid include asparagine and
glutamine, respectively. flIsoleucine plus leucine.

Native collagen resists the action of trypsin but is hy-
drolyzed by the bacterial enzyme collagenase. When col-
lagen is boiled with water, the triple helix is destroyed,
and the subunits are partially hydrolyzed; the product is
gelatin. The unfolded peptide chains of gelatin trap large
amounts of water, resulting in a hydrated molecule.

When collagen is treated with tannic acid or with chro-
mium salts, cross links form between the collagen fibres,
and it becomes insoluble; the conversion of hide into
leather is based on thistanning process. The tanned mate-
rial isinsoluble in hot water and cannot be converted to
gelatin. On exposure to water at 62" to 63° C (144" to
145" F), however, the cross links formed by the tanning
agents collapse, and the leather contracts irreversibly to
about one-third its original volume.

Collagen seems to undergo an aging process in living
organisms that may be caused by the formation of cross
links between collagen fibres. They are formed by the
conversion of some lysine side chains to adehydes (com-
pounds with the genera structure RCHO), and the com-
bination of the aldehydes with the s-amino groups of
intact lysineside chains. The protein elastin, which occurs
in the elastic fibres of connective tissue, contains similar
cross links and may result from the combination of colla-
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gen fibres with other proteins. When cross-linked collagen
or elastin is degraded, products of the cross-linked lysine
fragments, called desmosins and isodesmosins, are
formed.

Keratin. Keratin, the structural protein of epithelial
cellsin the outermost layers of the skin, has been isolated
from hair, nals, hoofs, and feathers. Keratin is complete-
ly insoluble in cold or hot water; it is not attacked by
proteolytic enzymes (i.e., enzymes that break apart, or
lyse, protein molecules), and therefore cannot replace
proteins in the diet. The great stability of keratin results
from the numerous disulfide bonds of cystine. The amino
acid composition of keratin differsfrom that of collagen
(see Table 1). Cystine may account for 24 percent of the
total amino acids. The peptide chains of keratin are ar-
ranged in approximately equal amounts o antiparallel
and parallel pleated sheets, in which the peptide chains
are linked to each other by hydrogen bonds between the
carbonyl (> C=0) and imino (> NH) groups.

Reduction of the disulfide bonds to sulfhydryl groups
resultsin dissociation of the peptide chains, the molecular
weight of which is 25,000 to 28,000 each. The formation
of permanent waves in the beauty treatment of hair is
based on partial reduction of the disulfide bonds o hair
keratin by thioglycol, or some other mild reducing agent,
and subsequent oxidation of the sulfhydryl groups (—SH)
in the reoriented hair to disulfide bonds (—S—S—) by ex-
posure to the oxygen of the air.

The length of keratin fibres depends on their water con-
tent. They can bind approximately 16 percent of water;
this hydration is accompanied by an increase in the length
of thefibresof 10 to 12 percent.

The most thoroughly investigated keratin ishair keratin,
particularly that of wool. It consists of a mixture of
peptides with high and low cystine content. When wool is
heated in water to about 90" C (190" F), it shrinks
irreversibly. This is attributed to the breakage of hydro-
gen bonds and other noncovalent bonds; disulfide bonds
do not seem to be affected.

Others. The most thoroughly investigated scleropro-
tein has been fibroin, the insoluble material of silk. The
raw silk comprising the cocoon of the silkworm consists
of two proteins. One, sericin, is soluble in hot water; the
other, fibroin, is not. The amino acid composition of the
latter differs from that of all other proteins. It contains
large amounts of glycine, aanine, tyrosine, and serine;
small amounts of the other amino acids; and no sulfur-
containing ones. The peptide chains are arranged in anti-
parallel B-structures. Fibroin is partly soluble in concen-
trated solutions of lithium thiocyanate or in mixtures of
cupric salts and ethylene diamine. Such solutions contain
a protein of molecular weight 170,000, which is a dimer
of two subunits.

Little is known about either the scleroproteins of the
marine sponges or the insoluble proteins of the cellular
membranes of animal cells. Some of the membranes are
soluble in detergents; the membrane of the red blood cells
contains an insoluble membrane protein that consistsof a
single peptide chain of molecular weight 200,000.

Themuscleproteins. The total amount of muscle pro-
teins in mammals, including man, exceeds that of any
other protein. About 40 percent of the body weight of a
healthy human adult weighing about 70 kilograms (150
pounds) is muscle, which is composed of about 20 per-
cent muscle protein. Thus, the human body contains
about five to six kilograms (11 to 13 pounds) of muscle
protein. An abumin-like fraction of these proteins, origi-
nally called myogen, contains various enzymes—phos-
phorylase, aldolase, glyceraldehyde phosphate dehydro-
genase, and others; it does not seem to be involved in
contraction, The globulin fraction contains myosin, the
contractile protein, which also occurs in blood platelets,
small bodies found in blood. Similar contractile sub-
stances occur in other contractile structures; for example,
in the cilia or flagella (whiplike organs of locomotion)
of bacteria and protozoans. In contrast to the scleropro-
teins, the contractile proteins are soluble in salt solutions
and susceptible to enzymatic digestion.

The energy required for muscle contraction is provided
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by the oxidation of carbohydrates or lipids. The term
mechano-chemical reaction has been used for this con-
version of chemical into mechanical energy. Although
the molecular process underlying the reaction is not yet
completely understood, it is known to involve the fibrous
muscle proteins, the peptide chains of which undergo a
change in conformation during contraction.

Myosin, which can be removed from fresh muscle by
adding it to a chilled solution of dilute potassium chloride
and sodium bicarbonate, is insoluble in water. Myosin,
solutions of which are highly viscous, consists of an elon-
gated— probably double-stranded — peptide chain, which
is coiled a both ends in such a way that a terminal
globule isformed. The length of the molecule is approxi-
mately 160 nanometres and its average diameter 2.6 na-
nometres. The equivalent weight of each of the two ter-
minal globules is approximately 30,000; the molecular
weight of myosin is close to 500,000. Trypsin splits myo-
sin into large fragments called meromyosin. Myosin con-
tains many amino acids with positively and negatively
charged side chains (see Table 1); they form 18 and 16
percent, respectively, of the total number of amino acids.
Myosin catalyzes the hydrolytic cleavage of ATP (adeno-
sine triphosphate). A smaller protein with properties sim-
ilar to those of myosin is tropomyosin. It has a molecular
weight of 70,000 and dimensions of 45 by 2 nanome-
tres. More than 90 percent of its peptide chains are pres-
ent in the e-helix form.

Myosin combines easily with another muscle protein
called actin, the molecular weight of which is about 50,-
000; it forms 12 to 15 percent of the muscle proteins.
Actin can exist in two forms--one, G-actin, is globular;
the other, F-actin, is fibrous. Actomyosin is a complex
molecule formed by one molecule of myosin and one or
two molecules of actin. In muscle, actin and myosin fila
ments are oriented parallel to each other and to the long
axis of the muscle. The actin filaments are linked to each
other lengthwise by finethreads called Sfilaments. During
contraction the S filaments shorten, so that the actin fila-
ments slide toward each other, past the myosin filaments,
thus causing a shortening of the muscle (see MUSCLE CON-
TRACTION for a detailed description of the process).

Fibrinogen and fibrin.  Fibrinogen, the protein of the
blood plasma, is converted into the insoluble protein fi-
brin during the clotting process. The fibrinogen-free fluid
obtained after removal of the clot, caled blood serum, is
blood plasma minus fibrinogen. The fibrinogen content of
the blood plasmais0.2 to 0.4 percent.

Fibrinogen can be precipitated from the blood plasma
by half-saturation with sodium chloride. Fibrinogen solu-
tions are highly viscous and show strong flow birefrin-
gence. In electron micrographs the molecules appear as
rods with a length of 47.5 nanometres and a diameter of
1.5 nanometres; in addition, two terminal and a central
nodule are visible. The molecular weight is 340,000. An
unusually high percentage, about 36 percent, of the ami-
no acid side chains are positively or negatively charged.

The clotting process is initiated by the enzyme throm-
bin, which catalyzes the breakage of afew peptide bonds
of fibrinogen; as a result, two small fibrinopeptides with
molecular weights of 1,900 and 2,400 are released. The
remainder of the fibrinogen molecule, a monomer, is
soluble and stable at pH values less than 6 (i.e., in acid
solutions). In neutral solution (pH 7) the monomer is
converted into a larger molecule, insoluble fibrin; this
results from the formation of new peptide bonds. The
newly formed peptide bonds form intermolecular and
intramolecular cross links, thus giving rise to a large clot,
in which all molecules arelinked to each other. Clotting,
which takes place only in the presence of calcium ions,
can be prevented by compounds such as oxalate or ci-
trate, which have a high affinity for calcium ions.

ALBUMINS GLOBULINS AND OTHER SOLUBLE PROTEINS

The blood plasma, the lymph, and other animal fluids
usually contain one to seven grams of protein per 100
millilitres of fluid, which includes small amounts of
hundreds of enzymes and a large number of protein hor-
mones. The discussion below is limited largely to the
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proteins that occur in large amounts and can be easily
isolated from the body fluids. For further information on
enzymes and hormones, see ENzYME and HORMONE.

Proteins of the blood serum. Human blood serum con-
tains about 7 percent protein, two-thirds of which is in
the albumin fraction; the other third is in the globulin
fraction. Electrophoresis of serum reveals a large abu-
min peak and three smaller globulin peaks, the alpha:,
beta-, and gamma-globulins. The amounts of apha-, beta-,
and gamma-globulin in normal human serum are approxi-
mately 1.5, 1.9, and 1.1 percent, respectively. Each
globulin fraction is a mixture of many different proteins,
as has been demonstrated by immuno-electrophoresis. In
this method, the serum of a rabbit injected with human
serum is allowed to diffuse into the four protein bands—
albumin, alpha-, beta-, and gamma-globulin— obtained
from the electrophoresis of human serum. Because the
rabbit has previously been injected with human serum, its
blood contains antibodies (substances formed in response
to aforeign substance introduced into the body) against
each of the human serum proteins; each antibody com-
bines with the serum protein (antigen) that caused its
formation in the rabbit. The result is the formation of
about 20 regions of insoluble antigen-antibody precipi-
tate, which appear as white arcs in the transparent gel of
the electrophoresis medium. Each region corresponds to
a different human serum protein.

Serum albumin is much less heterogeneous (i.e., con-
tains fewer distinct proteins) than are the globulins; in
fact, it is one of the few serum proteins that can be
obtained in a crystalline form. Serum albumin combines
easily with many acidic dyes (e.g., Congo red and methyl
orange) ; with bilirubin, the yellow bile pigment; and with
fatty acids. It seems to act, in living organisms, as a
carrier for certain biologica substances. Present in blood
serum in relatively high concentration, serum albumin
also acts as a protective colloid, a protein that stabilizes
other proteins. Albumin (molecular weight of 68,000)
has a single free sulfhydryl (—SH) group, which on oxi-
dation forms a disulfide bond with the sulfhydryl group
of another serum albumin molecule, thus forming a di-
mer. The isoelectric point of serum albuminispH 4.7.

The alpha-globulin fraction of blood serum isa mixture
of several conjugated proteins. The best known are an a-
lipoprotein (combination of lipid and protein), and two
mucoproteins (combinations of carbohydrate and pro-
tein). One mucoprotein is called orosomucoid, or m-
acid glycoprotein; the other is called haptoglobin because
it combines specifically with globin, the protein compo-
nent of hemoglobin. Haptoglobin contains about 20 per-
cent carbohydrate.

The beta-globulin fraction of serum contains, in addi-
tion to lipoproteins and mucoproteins, two metal-binding
proteins, transferrin and ceruloplasmin, which bind iron
and copper, respectively. They are the principal iron and
copper carriersof the blood.

The gamma-globulins are the most heretogeneous glo-
bulins. Although most have a molecular weight of approxi-
mately 150,000, that of some, called macroglobulins, isas
high as 800,000. Because typical antibodiesareof the same
size and exhibit the same electrophoretic behaviour as
y-globulins, they are called immunoglobulins. The des
ignation IgM or gammaM (yM) isused for the macro-
globulins; the designation IgG or gamma G (yG) isused
for y-globulins of molecular weight 150,000.

Milk proteins. Milk contains an albumin, «-lactal-
bumin; a globulin, beta-lactoglobulin; and a phosphopro-
tein, casein. If acid is.added to milk, casein precipitates.
The remaining watery liquid (the supernatant solution),
or whey, contains lactalbumin and lactoglobulin. Both
have been obtained in crystalline form; their molecular
weights are 16,000 and 18,500, respectively. Lactoglobu-
lin also occurs as a dimer of molecular weight 37,000.
Small variation? known to occur in the amino acid com-
position of lactoglobulin result from genetic variations.
The amino acid composition and the tertiary structure of
lactalbumin resemble that of lysozyme, an egg protein
(see below).

Casein is precipitated not only by the addition of acid

but also by the action of the enzyme rennin, which is
found in gastric juice. Rennin from caf stomachsis used
to precipitate casein, from which cheese is made. Milk
fat precipitates with casein; milk sugar, however, remains
in the supernatant (whey). Casein is a mixture of several
similar phosphoproteins, called a, 8-, y-, and «-casein,
al of which contain some serine side chains com-
bined with phosphoric acid. Approximately 75 per-
cent of caseinisacasein (see Table 1). Cystine has been
found only in «-casein. In milk, casein seems to form
polymeric globules (micelles) with radially arranged
monomers, each with a molecular weight of 24,000; the
acidic side chains occur predominantly on the surface of
the micelle, rather than inside.

Egg proteins. About 50 percent of the proteins of egg
white are composed of ovalbumin, which is easily ob-
tained in crystals. Its molecular weight is 46,000 and its
amino acid composition differs from that of serum albu-
min. Other proteins of egg white are conalbumin, lyso-
zyme, ovoglobulin, ovomucoid, and avidin. Lysozyme is
an enzyme that hydrolyzes the carbohydrates found in
the capsules certain bacteria secrete around themselves; it
causes lysis (disintegration) of the bacteria. The molecu-
lar weight of lysozyme is 14,100; its amino acid composi-
tion is shown in Table 2. Its three-dimensional structure,
shown in Figure 5, is similar to that of a-lactalbumin,
which stimulates the formation of lactose by the enzyme
lactose synthetase. Lysozyme has also been found in the
urine of patientssufferingfrom leukemia.

Figure 5: Conformation of lysozyme. Lysozyme from hen's egg
white has a single peptide chain of 129 amino acids. The
diagram shows the structure in simplified form. The amino acid
residues are numbered from the terminal a amino group (N} to
the terminal carboxyl group (C). Every fifth residue is shown by
a circle, and every tenth residue is numbered. The four disulfide
bridges are shown by broken lines. Alpha-helices are visible in
the ranges 25 to 35.90 to 100, and 120 to 125.

Avidin is a glycoprotein that combines specifically with
biotin, a vitamin. In animals fed large amounts of raw
egg white, the action of avidin results in ' egg-white inju-
ry." The molecular weight of avidin, whichforms a tetra-
mer, is16,200. Itsamino acid sequence is known.

Egg-yolk proteins contain a mixture of lipoproteins and
livetins. The latter are similar to serum albumin, a-globu-
lin, and B-globulin. The yolk also contains a phospho-
protein, phosvitin. Phosvitin, which has also been found
in fish sperm, has a molecular weight of 40,000 and an
unusual amino acid composition; one third of its amino
acids are phosphoserine.

Protamines and histones. Protamines are found in
the sperm cells of fish. The most thoroughly investigated
protamines are salmine from salmon sperm and clupeine
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Table2: Number & Amino Acids per Protein Molecule
amino acid protein*

Cyto Hba HbB RNase Lys Chgen Fdox
Lysine 18 11 11 10 6 14 4
Histidine 3 1 0 9 4 1 2 1
Arginine 2 3 3 4 1 1 4 1
Aspartic acidt 8 12 13 15 21 23 13
Threonine 7 9 7 1 0 7 2 3 8
Serine 2 11 5 15 10 28 7
Glutamic acidt 10 5 11 12 5 15 13
Proline 4 7 7 4 2 9 4
Glycine 13 7 13 3 12 23 6
Alanine 6 21 15 12 12 22 9
Half cystine 2 1 2 8 8 1 0 5
Valine 3 13 18 9 6 23 7
Methionine 3 2 1 4 2 2 0
Isoleucine 8 0 0 3 6 1 0 4
Leucine 6 18 18 2 8 19 8
Tyrosine 5 3 3 6 3 4 4
Phenylalanine 3 7 8 3 3 6 2
Tryptophan 1 1 2 0 6 8 1
Total 104 141 146 124 129 245 97
*Cyto = human cytochrome c; Hb a = human hemoglobin A,
a-chain; Hb 8 = human hemoglobin A, 0-chain; RNase = bovine
ribonuclease; Lys = chicken lysozyme; Chgen = bovine
chymotrypsinogen; Fdox = spinach ferredoxin.  tThe values
recorded for aspartic and glutamic acid include asparagine and
glutamine.

Protamine
compo-
sition

from herring sperm. The protaminesare bound to deoxy-
ribonucleic acid (DNA), forming nucleoprotamines. The
amino acid composition of the protamines is simple; they
contain, in addition to large amounts of arginine, small
amounts of five or six other amino acids. The composi-
tion of the salmine molecule, for example, is: Args,,
Ala, va,, Ile;, Pro,, and Ser,, in which the subscrlpt
numbers indicate the number of each amino acid in the
molecule. Because of the high arginine content, the iso-
electric points of the protaminesare at pH valuesdo 11 to
12; i.e., the protamines are akaline. The molecular
weights of salmine and clupeine are close to 6,000. All
of the protamines investigated thus far are mixtures of
several similar proteins.

The histones are less basic than the protamines. They
contain high amounts of either lysine or arginine and
small amounts of aspartic acid and glutamic acid. His-
tones occur in combination with DNA as nucleohistones
in the nuclel of the body cells of animals and plants, but
not in animal sperm. The molecular weights of histones
vary from 10,000 to 22,000. In contrast to the prot-
amines, the histones contain most of the 20 amino acids,
with the exception of tryptophan and the sulfur-contain-
ing ones. Like the protamines, histone preparations are
heterogeneous mixtures. The amino acid sequence of
some of the histones has been determined.

Plant proteins. Plant proteins, mostly globulins, have
been obtained chiefly from the protein-rich seedsdf cere-
als and leguminous plants (i.e., membersof the peafami-
ly). Very small amounts of albumins are found in seeds.
The best known globulins, insoluble in water, can be ex-
tracted from seeds by treatment with 2 to 10 percent
solutions of sodium chloride. Many plant globulins have
been obtained in crystalline form; they include edestin
from hemp, molecular weight 310,000; amandin from
almonds, 330,000; concanavalin A (42,000) and B
(96,000); and canavalin (113,000) from jack beans.
They are polymers of smaller subunits; edestin, for exam-
ple, isahexamer of asubunit with a molecular weight of
50,000, and concanavalin B a trimer of a subunit with a
molecular weight of 30,000. After extraction o lipids
from cereal seeds by ether and alcohol, further extraction
with water containing 50 to 80 percent of alcohol yields
proteins that are insoluble in water but soluble in wa-
ter—ethanol mixtures and have been called prolamins.
Their solubility in aqueous ethanol may result from their
high proline and glutamine content (see Table 1). Glia-
din, the prolamin from wheat, contains 14 grams d pro-
line and 46 grams of glutamic acid in 100 grams o pro-
tein; most of the glutamic acid isin the form of glutamine.
The total amounts of the basic amino acids (arginine,
lysine, and histidine) in gliadin are only 5 percent of the
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weight of gliadin. None of the prolamins has yet been ob-
tained in a pure crystaline state. Because the lysine
content is either low or nonexistent, human populations
dependent on grain as a sole protein source suffer from
lysine deficiency.

CONJUGATED PROTEINS

Combination of proteinswith prostheticgroups. The
link between a protein molecule and its prosthetic group
is a covalent (electron-sharing) bond in the glycopro-
teins, the biliproteins, and some of the heme proteins. In
lipoproteins, nucleoproteins, and some heme proteins, the
two components are linked to each other by noncovalent
bonds. The noncovalent bonding results from the same
forces that are responsible for the tertiary structure of
proteins;, namely, hydrogen bonds, salt bridges between
positively and negatively charged groups, disulfide bonds,
and mutual interaction of hydrophobic groups. In the
metalloproteins (proteins with a metal element as a
prosthetic group), the metal ion usually forms a centre to
which various groups are bound.

Some of the conjugated proteins have been mentioned
in preceding sections because they occur in the blood
serum, in milk, and in eggs. Other conjugated proteins
will be discussed below in sections dealing with respira-
tory proteins and enzymes.

Mucoproteins and glycoproteins. The prosthetic groups
in mucoproteins and glycoproteins are oligosaccharides
(carbohydrates consisting of a small number of sim-
ple sugar molecules) usually containing from four to
12 sugar molecules; the most common sugars are galac-
tose, mannose, glucosamine, and galactosamine. Xylose,
fucose, glucuronic acid, sialic acid, and other simple su-
gars sometimes also occur. Some mucoproteins contain 20
percent or more of carbohydrate, usually in several oligo-
saccharides attached to different parts of the peptide
chain. The designation mucoprotein is used for proteins
with more than 3 to 4 percent carbohydrate; if the carbo-
hydrate content isless than 3 percent, the protein is some-
times called a glycoprotein or simply a protein.

Mucoproteins, highly viscous proteins originally called
mucins, are found in saliva, in gastric juice, and in other
animal secretions. Mucoproteins occur in large amounts
in cartilage, synovial fluid (the lubricating fluid of joints
and tendons), and egg white. The mucoprotein of carti-
lage isformed by the combination of collagen with chon-
droitinsulfuric acid, which is a polymer of either giucu-
ronic or iduronic acid and acetylhexosamine or acetylga-
lactosamine. It is not yet clear whether or not chondro-
itinsulfate is bound to collagen by covalent bonds.

Lipoproteins and proteolipids. The bond between the
protein and the lipid portion of lipoproteins and proteo-
lipids is a noncovalent one. It is believed that some of the
lipid is enclosed in a meshlike arrangement of peptide
chains, and becomes accessible for reaction only after the
unfolding of the tains ty naturi 1itt  zh
lipoproteins in tI o and 1§ fraction f xd
serum are soluble in water (but insoluble in organic sol-
vents), some of the brain lipoproteins, because they have
a high lipid content, are soluble in organic solvents; they
are caled proteolipids. The g-lipoprotein of human
blood serum is a macroglobulin with a molecular weight
of about 1,300,000, 70 percent of which is lipid; of the
lipid, about 30 percent is phospholipid and 40 percent
cholesterol and compounds derived from it. Because of
their lipid content, the lipoproteins have the lowest densi-
ty (mass per unit volume) of all proteins. They are usu-
aly classified as LbL (low density lipoproteins) and HDL
(high density lipoproteins).

Coloured lipoproteins are formed by the combination of
protein with carotenoids. Crustacyanin, the pigment of
lobsters, crayfish, and other crustaceans, contains asta-
xathin, which is a compound derived from carotene; a
similar pigment isfound in lobster eggs. Among the most
interesting of the coloured lipoproteins are the pigments
of the retina of the eye. They contain retinal, which is a
compound derived from carotene and which isformed by
the oxidation of vitamin A. In rhodopsin. the red pigment
of the retina the aldehyde group (—CHO) of retinal
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forms a covalent bond with an amino (— NH,) group of
opsin, the protein carrier. Colour vision is mediated by
the presence of several visual pigments in the retina that
differ from rhodopsin either in the structure of retinal or
in that of the protein carrier.

Metalloproteins. Proteins in which heavy metal ions
are bound directly to some of the side chains of histidine,
cysteine, or some other amino acid are called metallopro-
teins. Two metalloproteins, transferrin and ceruloplas-
min, occur in the globulin fractions of blood serum; they
act as carriers of iron and copper, respectively. Transfer-
rin has a molecular weight of 84,000 and consists of two
identical subunits, each of which contains one ferric ion
(Fe3+) that seems to be bound to tyrosine. Several genet-
ic variants of transferrin are known to occur in man.
Another iron protein, ferritin, which contains 20 to 22
percent iron, is theform inwhich iron isstored in animals;
it has been obtained in crystalline form from liver and
spleen. A molecule consisting of 20 subunits, its molecular
weight is approximately 480,000. The iron can be re-
moved by reduction from the ferric (Fe3+) to the ferrous
(Fe2+) state. The iron-free protein, apoferritin, is syn-
thesized in the body before the iron isincorporated.

Green plants and some photosynthetic and nitrogen-fix-
ing bacteria (i.e., bacteria that convert atmospheric nitro-
gen, N,, into amino acids and proteins in their own
bodies) contain various ferredoxins. They are small pro-
teins containing 50 to 100 amino acids (see Table 2)
and a chain of iron and disulfide units (FeS,), in which
some of the sulfur atoms are contributed by cysteine;
others are sulfide ions (S2-). The number of FeS, units
per ferredoxin molecule varies from five in the ferredoxin
of spinach to ten in the ferredoxin of certain bacteria
Ferredoxins act as electron carriers in photosynthesis and
in nitrogen fixation.

Ceruloplasmin is a copper-containing globulin with a
molecular weight of 151,000; the molecule consists of
eight subunits, each containing one copper ion. Cerulo-
plasmin is the principal carrier of copper in organisms,
athough copper can also be transported by the iron-con-
taining globulin transferrin. Another copper-containing
protein, erythrocuprein (molecular weight 64,000), has
been isolated from red blood cells; it has also been found
in theliver and the brain. The molecule, which consists of
four subunits with a molecular weight of 16,000 each,
contains four copper and four zinc ions. Because of their
copper content, ceruloplasmin and erythrocuprein may
have some catalytic activity in oxidation-reduction reac-
tions. Another copper-containing protein, hemocyanin, is
described below (see Respiratory proteins).

Many animal enzymes contain zinc ions, which are usu-
aly bound to the sulfur of cysteine. Horse kidneys con-
tain the protein metallothionein, which, in addition to 2.2
percent zinc, contains 5.9 percent cadmium; both are
bound to sulfur. A vanadium-protein complex (homo-
vanadin) has been found in surprisingly high amounts in
yellowish-green cells (vanadocytes) of tunicates, which
are marine invertebrates.

Heme proteinsand other chromoproteins. Although
the heme proteins contain iron, they are usualy not clas-
sified as metalloproteins, because their prosthetic group is
an iron-porphyrin complex in which the iron is bound
very firmly. The intense red or brown colour of the heme
proteins is not caused by iron but by porphyrin, a com-
plex cyclic structure. All porphyrin compounds absorb
light intensely at or close to 410 nanometres. Porphyrin
consists of four pyrrole rings (five-membered closed
structures containing one nitrogen and four carbon at-
oms) linked to each other by methine groups (— CH=).
Theiron atom is kept in the centre of the porphyrin ring
by interaction with the four nitrogen atoms. The iron
atom can combine with two other substituents; in oxy-
hemoglobin, one substituent is a histidine of the protein
carrier, the other is an oxygen molecule. In some heme
proteins, the protein is also bound covalently to the side
chains of porphyrin. Heme proteins important as re-
spiratory proteins and enzymes are described below (see
Respiratory proteins and Oxidoreductases).

Little is known about the structure of the chromoprotein

melanin, a pigment found in dark skin, dark hair, and
melanotic tumours. It is probably formed by the oxida-
tion of tyrosine, which results in the formation of red,
brown, or dark-coloured derivatives.

Green chromoproteins called biliproteins are found in
many insects, such as grasshoppers, and also in the egg-
shellsof many birds. The biliproteins are derived from the
bile pigment biliverdin, which in turn is formed from
porphyrin; biliverdin contains four pyrrole rings and
three of the four methine groups of porphyrin. Large
amounts of biliproteins, the molecular weights of which
are about 270,000, have been found in red and blue-green
algae; the red protein is called phycoerythrin, the blue
one phycocyanobilin. Phycocyanobilin consists of eight
subunits with a molecular weight of 28,000 each; about
89 percent of the molecule is protein. It also contains
considerable amounts of carbohydrate.

Nucleoproteins. When aprotein solution is mixed with
a solution of a nucleic acid, the phosphoric acid compo-
nent of the nucleic acid combines with the positively
charged ammonium groups (—NHg*) of the protein to
form a protein—nucleic acid complex. The nucleus of a
cell contains predominantly deoxyribonucleic acid (DNA)
and the cytoplasm predominantly ribonucleic acid
(RNA); both parts of the cell also contain protein. Pro-
tein—nucleic acid complexes, therefore, form in living
cels. It has not yet been definitely established whether the
protein-nucleic acid complexes isolated from biological
material are indeed formed during the life of the orga-
nism or whether they are artifacts produced during the
isolation procedure.

The only nucleoproteins for which some evidence for
specificity exists are nucleoprotamines, nucleohistones,
and some RNA and bpNA viruses. The nucleoprotamines
are the form in which protamines occur in the sperm cells
of fish; the histones of the thymus and of pea seedlings
and other plant material apparently occur predominantly
as nucleohistones. Both nucleoprotamines and nucleohis-
tones contain only DNA.

Some of the simplest viruses consist of a specific RNA,
which is coated by protein. One of the best known RNA
viruses, tobacco mosaic virus (TMv), has the shape of a
rod. RNA comprises only 5.1 percent of the mass of the
virus. The complete sequence of the virus protein, which
consistsof about 2,130 identical peptide chains, each con-
taining 158 amino acids, has been determined. The pro-
tein isarranged in aspiral around the RNA core.

DNA has been found in most bacterial viruses (bacterio-
phages) and in some animal viruses. Asin TMv, the core
o DNA is surrounded by protein. Phage protein isa mix-
ture o enzymes and therefore cannot be considered as
the protein portion of only one nucleoprotein.

Respiratory proteins. Hemoglobin. Hemoglobin is the
oxygen carrier in all vertebrates and some invertebrates.
In oxyhemoglobin (HbO,), which is bright red, the fer-
rous ion (Fe2+) is bound to the four nitrogen atoms of
porphyrin; the other two substituents are an oxygen
molecule and the histidine of globin, the protein compo-
nent of hemoglobin. Deoxyhemoglobin (deoxy-Hb),
asitsname implies, is oxyhemoglobin minus oxygen (i.e.,
reduced hemoglobin); it is purple in colour. Oxidation of
the ferrous ion of hemoglobin yields a ferric compound,
methemoglobin, sometimes called hemiglobin or ferri-
hemoglobin. The oxygen of oxyhemoglobin can be dis-
placed by carbon monoxide, for which hemoglobin has a
much greater affinity, preventing oxygen from reaching
the body tissues.

The hemoglobins of all mammals, birds, and many
other vertebrates are tetramers of two a- and two j3-
chains (see Table 2). The molecular weight of the tetra-
mer is 64,500; the molecular weight of the «- and 8-
chains is approximately 16,100. each, and the four sub-
units are linked to each other by noncovalent interac-
tions. If hemin (the ferric porphyrin component) is re-
moved from globin (the protein component), two mole-
cules of globin, each consisting of one a- and one -
chain, are obtained; the molecular weight of globin is
32,200. In contrast to hemoglobin, globin is a rather
unstable protein that is easily denatured. If native globin
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isincubated with a solution of hemin at pH values of 8 to
9, native hemoglobin is reconstituted. Both the hemo-
globin of the lamprey (of the vertebrate class Agnatha)
and the myoglobin, the red pigment of mammalian mus-
cles, are monomers with a molecular weight of 16,000.

The mammalian hemoglobins differ from each other in
their amino acid composition and therefore in their sec-
ondary and tertiary structure. Rat and horse hemoglobin
cystalize very easily, but those of man, cattle, and
sheep, because they are more soluble, are difficult to crys-
tallize. The shape of hemoglobin crystals varies in differ-
ent species; moreover, decomposition and denaturation
occur at different rates in different species. It was also
found that the blood of newborn children contains two
different hemoglobins, about 20 percent of an adult hemo-
globin (hemoglobin A) and 80 percent of a fetal hemo-
globin (hemoglobin F). Hemoglobin F persists in the
child for the first seven months of life. The same hemo-
globin F has also been found in the blood of patients
suffering from thalassemia, an anemia that occurs in the
countries of southern Europe. Hemoglobin F contains, as
does hemoglobin A, two a-chains; the two @B-chains,
however, have been replaced by two quite different y-
chains. When the technique of electrophoresis was first
applied to the hemoglobin of Negroes suffering from
sickle cell anemia in 1949, a new hemoglobin (hemo-
globin S) was discovered. More than 100 different hu-
man hemoglobins now are known. They differ from nor-
mal hemoglobin A in the amino acid composition of
either the a- or the g-chain.

The hemoglobins of some of the lowest fishes are mono-
mers containing one iron atom per molecule. Hemoglob-
in-like respiratory proteins have been found in some in-
vertebrates. The red hemoglobin of insects, mollusks,
and protozoans is called erythrocruorin. It differs from
vertebrate hemoglobin by its high molecular weight.

Although green plants contain no hemoglobin, a red
protein, called leg-hemoglobin, has been discovered in
the root nodules of leguminous plants. It seems to be
produced by the nitrogen-fixing bacteria of the root nod-
ules and may be involved in the reduction of atmospheric
nitrogen to ammonia and amino acids.

Other respiratory proteins. A green respiratory pro-
tein, chlorocruorin, has been found in the blood of the
marine worm Spirographis. It has the same high molecu-
lar weight as erythrocruorin, but differs from hemoglobin
in its prosthetic group. A red metalloprotein, hemeryth-
rin, acts as a respiratory protein in marine worms of the
phylum Sipuncula. The molecule consists of eight sub-
units with a molecular weight of 13,500 each. Hemeryth-
rin contains no porphyrins and therefore is not a heme
protein.

A metalloprotein containing copper is the respiratory
protein of crustaceans (shrimps, crabs, etc.) and o some
gastropods (shails). The protein, caled hemocyanin, is
pale yellow when not combined with oxygen, and blue
when combined with oxygen. The molecular weights of
hemocyanins vary from 300,000 to 9,000,000. Each ani-
mal investigated thus far apparently has a species-specific
hemocyanin.

CATALYTIC PROTEINS: ENZYMES

Crystalline urease and pepsin were the first enzymes
shown to be pure proteins, free of any nonprotein mate-
rial. 1t is now known that all enzymes are either pure or
conjugated proteins. Enzymes can be defined as catalyti-
cally active proteins. In many enzymes that are conju-
gated proteins, the prosthetic group is the catalyticaly
active site. The protein carrier of the prosthetic group is
designated the apoenzyme. The International Union of
Biochemistry (1us) recommended in 1964 classification
of the enzymes, according to their mode of action, into
six classes: (1) oxidoreductases, (2) transferases, (3)
hydrolases, (4) lyases, (5) isomerases, and (6) ligases, or
synthetases. Each class is further divided in subclasses,
sub-sub-classes, etc; for example, the oxidoreductases
(class 1) are divided into 14 subclasses according to the
chemical group that undergoes oxidation. The first sub-
classis further subdivided into four categories according
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to the electron acceptor involved. More than 600 enzymes
were listed in 1964, and their number increases each year.
Enzymes catalyze chemical reactions in which energy is
released (exergonic reactions); they cannot catalyze en-
ergy-requiring reactions (endergonic reactions) unless
energy issupplied by another reaction. The mechanism of
many enzymatic reactions involves an activator; for ex-
ample, the enzyme amylase, which catalyzes the hydroly-
sisof starch to smaller carbohydrate units called oligosac-
charides, requires chloride ions (Cl-) as an activator.
The activators of oxidoreductases, usually called coen-
zymes, have complicated structures; they either accept
or donate electrons during the catalytic process. The
forces involved in the combination of an enzyme with
the compound with which it acts (substrate) and with
activators or coenzymes are the same as those that de-
termine the conformation of proteins—e.g., hydrogen
bonds, electrostatic interaction between positively and
negatively charged groups, and mutual attraction of non-
polar groups. Because each enzyme catalyzes a limited
type of reaction and frequently reacts with only one sub-
stance, its active site is assumed to have a rather rigid
conformation, enzyme and substrate fitting each other
like a lock and key. Intermolecular forces can then in-
duce a definite orientation of the substrate and render
some of its groups more capable of undergoing chemical
change; as a result, the reaction converting substrate
into product can take place.

Oxidoreductases. Most oxidoreductases, usually called
dehydrogenases, either have an iron-porphyrin as the
prosthetic group or require a coenzyme. T he specificity of
enzyme action is determined by the apoenzyme (protein
moiety). Almost 90 enzymes act on the alcohol group
(—CHOH—); 70 require nicotinamide adenine dinu-
cleotide (~ap+) or its phosphate (Napp+) as an electron
acceptor. The electron acceptors in the others are either
oxygen, ferricytochrome c, or an as yet unknown sub-
stance. Dehydrogenases also catalyze other types of re-
actions— the oxidation of aldehydes and ketones to car-
boxylic acids, the dehydrogenation of amino acids, and
the oxidation of xanthine.

Some dehydrogenases have been isolated. Glyceralde-
hydephosphate dehydrogenase, the active site of which
contains cysteine, forms about 10 percent of the soluble
proteins of muscle. Lactate dehydrogenase contains four
subunits in a molecule with a molecular weight of
150,000; the two types of subunits, « and g, exist in
five different combinations, called isozymes. Each iso-
zyme occurs in different tissues and has lactate dehy-
drogenase activity.

Not al dehydrogenations are mediated by the coen-
zymes Nap+ and NapbP, which are loosely bound to
their apoenzymes. Another coenzyme that transfers elec-
trons, riboflavin, is firmly bound to its apoenzyme. Ac-
cordingly, the enzymes are called flavoproteins, or yellow
enzymes (flavus is the Latin word for yellow). The oxi-
dation (dehydrogenation) of the L-amino acids and xan-
thine, a compound found in most body tissues and some
plants, iscatalyzed by flavoproteins.

Because tissues contain only limited amounts of coen-
zymes, a mechanism exists by which the hydrogenated
(i.e., reduced) forms can be reoxidized, so that they can
accept more hydrogen. The mechanism involves the re-
duction of oxygen, the principal hydrogen acceptor in all
organisms, to water. Oxygen does not react directly with
reduced nap or reduced flavoproteins; rather, hydrogen
and electrons are transferred through a series of enzymes
called cytochromes to oxygen. Cytochromes are typical
heme proteins: the most thoroughly investigated one is
cytochrome ¢ from heart muscle. The complete amino
acid sequence of a large number of cytochromes c of
vertebrates, invertebrates, plants, protozoans, and bacte-
ria has been elucidated (see Table 2); as a result, the
evolution of the cytochrome ¢ molecule has been clari-
fied. Several other cytochromes are involved in the mech-
anism by which electrons are transferred from reduced
NAD, reduced ~Napp, and reduced flavoproteins to oxygen
(see METABOLISM).

Although most biological oxidations involved in me-
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tabolism require the re-oxidation of reduced coenzymes
via a series of cytochromes, tyrosinase and similar cop-
per-containing enzymes catalyze the direct transfer of
electrons from phenol derivatives to oxygen, frequently
forming hydrogen peroxide. The enzyme peroxidase cat-
alyzes the transfer of hydrogen atoms from hydrogen
donors to hydrogen peroxide. Catal ase catalyzes the split-
ting of two hydrogen peroxide molecules into oxygen and
water. Both peroxidase and catalase are heme proteins.

Transferases. Transferases catalyze the transfer of
various chemical groups from one compound to another.
Phosphate-transferring enzymes, or phosphokinases, for
example, catalyze the transfer of phosphate from adeno-
sine triphosphate (ATP) to a sugar or some other com-
pound. One of the most thoroughly investigated transfer-
ases, ribonuclease (rNase), has a molecular weight of
13,700; it consists of one peptide chain, the complete
amino acid content and sequence of which is known (see
Table 2). The chain contains four disulfide bonds
(~—S—S—); when they are reduced to sulfhydryl groups
(— SH), the enzyme is no longer active as a catalyst; ac-
tivity can be regained by re-oxidation.

Hydrolases. Hydrolases catalyze the hydrolysis of es-
ter bonds (between an acid and a base) in lipids, glyco-
side bonds (between sugar molecules) in carbohydrates,
and amide or peptide bonds (in proteins, peptides, and a
few other substrates such as urea). Many hydrolases can
be isolated in large amounts and therefore have been in-
vestigated thoroughly, particularly enzymes that cata-
lyze the hydrolysis of peptide bonds—trypsin, chymo-
trypsin, pepsin, and papain. The molecular weights
(24,000, 24,300, 32,700, and 21,000, respectively) and
the complete amino acid sequences of each have been
resolved. Trypsin and chymotrypsin occur in the pan-
creatic juice in an inactive form called trypsinogen and
chymotrypsinogen, respectively. The inactiveform of pep-
sin, pepsinogen, is found in the gastric juice of the stom-
ach. Papain ispresent in the juice of papayafruit.

These proteolytic enzymes hydrolyze peptide bonds in-
side the peptide chain; however, the enzyme carboxypep-
tidase, which occurs in pancreatic juice, hydrolyzes the C
terminal peptide bond; i.e., the bond joining the amino
acid with a free carboxyl group (—COOH) to the rest of
the protein. The N terminal peptide bond—i.e., the bond
joining the amino acid with a free amino group (—NH,)
to the rest of the protein—is hydrolyzed by leucine
aminopeptidase, which is found in the intestinal juice.
Amide bonds (—CONH,) are hydrolyzed by aspara-
ginase, glutaminase, arginase, and urease (molecular
weight 480,000).

Little is known about the chemical structure and the
active sites of the enzymes that hydrolyze glycoside bonds
such as amylase, which hydrolyzes starch and occurs in
saliva and pancreatic juice.

Lysozyme catalyzes the hydrolysis of the glycosidic
bond between N-acetylmuramic acid and glucosamine in
complex compounds called mucopolysaccharides. The
molecular weight of lysozyme is 14,400; like ribonu-
clease, it contains four disulfide bonds in one peptide
chain. Its amino acid sequence is known, and its confor-
mation has been resolved by X-ray diffraction (see Fig-
ure 5). Enzymes that hydrolyze ester bonds include lip-
ase, phospholipase A, and cholinesterase.

Lyases, isomerases, and ligases. Lyases include a large
number of enzymes that catalyze the cleavage of
carbon-carbon, carbon-oxygen, and carbon-nitrogen
bonds. Carbon-carbon bonds are split by the action of
decarboxylases, which remove carbon dioxide from car-
boxyl groups. Amino acids are converted by bacterial
decarboxylases into amines; thus, for example, the group
—CHNH, . COOH is converted into —CH,NH, and
carbon dioxide is released in the process. Carbonic an-
hydrase, a zinc protein, catalyzes the release of CO,

from bicarbonate and thus enables the removal of CO,
from man and other vertebrates.

|somerases catalyze the conversion of various substrates
into their isomeric (mirror-image) forms—for example,
the conversion of L-alanine into p-alanine or vice versa
(see Formula 4). The enzyme that catalyzes this reaction
is called alanine racernase. The conversion of ab-glu-
cose into B-D-glucose is catalyzed by a mutarotase. Nu-
merous other isomerases exist.

Ligases catalyze the formation of carbon-oxygen, car-
bon-sulfur, carbon-nitrogen, and carbon-carbon bonds.
Theformation of these bonds is an energy-requiring reac-
tion that cannot take place without the simultaneous oc-
currence of an energy-releasing reaction. The latter isin
most instances the conversion of ATP (adenosine triphos-
phate) into AMP (adenosine monophosphate).

PROTEIN HORMONES

Some hormones that are products of endocrine glands
are proteins or peptides; others are steroids. (The origin
of hormones, their physiological role, and their mode
of action are dealt with in the article HORMONE.) None
of the hormones has any enzymatic activity. Each has
a target organ in which it elicits some biological action;
e.g., secretion of gastric or pancreatic juice, production
of milk, production of steroid hormones, or the pro-
duction of substances that cause dilation or constriction
of blood vessels. The mechanism by which the hormones
exert their effects is not yet fully understood. Cyclic
adenosine monophosphate is involved in the transmit-
tance of the hormonal stimulus to the cells whose activity
is specifically increased by the hormone.

Hormonesof thethyroid gland. Thyroglobulin, the ac-
tive groups of which are two molecules of the iodine-
containing compound thyroxine (see Figure 1), has a
molecular weight of 670,000.

Thyroglobulin also contains thyroxine with two and
three iodine atoms instead of the four shown in Figure 1,
and tyrosine, with one and two iodine atoms. Injection of
the hormone causes an increase in metabolism; lack of
it results in a slowdown. Another hormone, calcitonin,
which lowers the calcium level of the blood, occursin the
thyroid gland. The structure of human calcitonin is given
in Formula 7 (see Figure 1 for structures of amino acids
corresponding to the one-letter codes).

The amino acid seguences of calcitonin from pig, beef,
and salmon differ from human calcitonin in some amino
acids. All of them, however, have the half-cystines and
the prolinamide in the same position. Porcine calcitonin
has been synthesized in the laboratory.

The parathyroid hormone (parathormone), which is
produced in small glands that are embedded in or lie
behind the thyroid gland, isessential for the maintenance
of the calcium level of the blood. Its lack results in the
disease hypocalcemia. Bovine parathormone has a molec-
ular weight of 8,500; it contains no cystine or cysteine
and is particularly rich in aspartic acid, glutamic acid, or
their amides.

Pancreashormones.  Although the structure of insulin
has been known since 1949, repeated attempts to synthe-
size it gave very poor yields because of the failure of
the two peptide chains to combine forming the correct
disulfide bridge. The ease of the biosynthesis of insulin
is explained by the discovery in the pancreas of proinsu-
lin, from which insulin is formed. The single peptide
chain of proinsulin loses a peptide consisting of 33 amino
acids and called the connecting peptide, or C peptide,
during its conversion to insulin. The structure of porcine
proinsulin is shown in Formula 8.

In agueous solutions insulin exists predominantly as a
complex of six subunits, each of which contains an A4-
and a B-chain. The insulins of several species have been
isolated and analyzed; their amino acid sequences differ

C.S.N.LST.C.V.LSA.Y.WK.D.LNN.Y.HR.FS.GM.G.F.G.PETPCONH,)
L

Formula 7: The amino acid sequence of human calcitonin. At the left end the line represents
the disulfide bond. At the right end (CONH;} indicates that the C terminal proline is present

as prolinamide.
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FV.N.QGHLCGSHLVEALYLV.CGERGFFYTPKA

disulfide bonds——

G.I1V.EQ.C.CT.SILCSLY.QLENY.C\N
/ | disulfide bond

R.K.Q.P.P.G.E.L.A.L.A.QL.G.G.LGGGLEV.AGAQPNQAEA.
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Formula 8 The amino acid sequence of porcine proinsulin. The arrows indicate the direction
from the N terminus of the B chain to the C terminus of the A chain. In the C peptide the

N terminus is at the right (A=alanine) end and the C terminus is at the left end in order to
show the connection with the A and B chains. Insulin is released when the two peptide
bonds at the ends of the C peptide (broken lines) are hydrolyzed (broken by the introduction

of a water molecule).

somewhat, but all apparently contain the same disulfide
bridges between the two chains.

Although the injection of insulin lowers the blood sugar,
administration of glucagon, another pancreas hormone,
raises the blood sugar level. Glucagon consists of a
straight peptide chain of 29 amino acids. Its structure,
which isfree of cystine and isoleucine, isgivenin Formu-
1a9. It has been synthesized; the synthetic product has the
full biological activity of natural glucagon.

HS.QG.T.FTS.D.Y.SK.Y.L.D.S.R.RA.Q.D.F.V.QWLMNT

Formula 9: Amino acid sequence of the pancreas hormone
glucagon.

Pituitary hormones. The pituitary gland has an ante-
rior lobe, a posterior lobe, and an intermediate portion;
they differ in cellular structure and in the structure and
action of the hormones they form. The posterior lobe
produces two similar hormones, oxytocin and vasopres-
sin. The former causes contraction of the pregnant uter-
us; the latter raises the blood pressure. Both are octapep-
tides formed by a ring of five amino acids (the two cys-
tine halves count as one amino acid) and a side chain of
three amino acids. The structure of oxytocin is given in
Formula 10. The two cystine halves are linked to each
other by a disulfide bond, and the C terminal amino acid
is glycinamide. The structure has been established and
confirmed. Human vasopressin (Formula 10) differs
from oxytocin in that isoleucine is replaced by phenylala-
nine and leucine by arginine. Porcine vasopressin con-
tainslysineinstead of arginine.

A Cys.Tyr.lle.GluN.Asn.Cys.Pro.Leu.Gly(CONH,)
l |

B  Cys.Tyr.Phe.GIuN .Asn.C)‘/s.Pro.Arg.Gly(CON H,)
|

Formula 10: Amino acid sequence of the two similar hormones
of the posteriorlobe of the pituitary gland. (A) Oxytocin.

(B) Human vasopressin. The solid line represents the disulfide
bond between the two halves of cystine.

The intermediate part of the pituitary gland produces
the melanocyte-stimulating hormone (MsH), which caus-
es expansion of the pigmented melanophores (cells) in
the skin of frogs and other batrachians. Two hormones,
called e«-MsH and g-MsH, have been prepared from hog
pituitary glands. &M SHconsists of 13 amino acids (see
Formula11);its N terminal serine is acetylated (i.e., the
acetyl group, CH,CO—, of acetic acid is attached), and
its C terminal valine residue is present as vainamide.
B-MsH contains in its 18 amino acids many o those
occurring in e-MsH (see Formula 11).

The anterior pituitary lobe produces several protein
hormones—a thvroid-stimulating hormone, molecular
weight 28,000; a lactogenic hormone, molecular weight
22,500; a growth hormone, molecular weight 21.500; a
luteinizing hormone, molecular weight 30,000; and afol-

licle-stimulating hormone, molecular weight 29,000. The
thyroid-stimulating hormone (TsH, thyrotropin) consists
of a and B8 subunits with a composition similar to the
subunits of luteinizing hormone. When separated, neither
of the two subunits has hormonal activity; when com-
bined, however, they regain about 50 percent of the origi-
nal activity. The lactogenic hormone (prolactin) from
sheep pituitary glands contains 190 amino acids. Their
sequence has been elucidated; a similar peptide chain of
188 amino acidsthat has been synthesized not only has10
percent of the biological activity of the natural hormone
but also some activity of the growth hormone. The amino
acid sequence of the growth hormone (somatotropic hor-
mone) is also known; it seems to stimulate the synthesis
of rRNA and in this way to accelerate growth, The luteiniz-
ing hormone (LH) consists of two subunits, each with a
molecular weight of approximately 15,000; when sepa-
rated, the subunits recombine spontaneously. LH is a mu-
coprotein containing about 12 percent carbohydrate. The
urine of pregnant women contains chorionic gonadotro-
pin, the presence of which makes possible early diagnosis
of pregnancy. The amino acid sequence is known. The
sequence of 160 of its 190 amino acidsis identical with
those of the growth hormone; 100 of these also occur in
the same sequence as in lactogenic hormone. The differ-
ent pituitary hormones and the chorionic gonadotropin
thus may have been derived from a common substance
that, during evolution, underwent differentiation.

Peptides with hormonelike activity. Small peptides
have been discovered that, like hormones, act on certain
target organs. One peptide, angiotensin (angiotonin or
hypertensin), is formed in the blood from angiotensino-
gen by the action of renin, an enzyme of the kidney. It
is an octapeptide and increases blood pressure. Similar
peptides include bradykinin, which stimulates smooth
muscles; gastrin, which stimulates secretion of hydro-
chloric acid and pepsin in the stomach; secretin, which
stimulates the flow of pancreatic juice; and kallikreine,
the activity of which issimilar to bradykinin.

IMMUNOGLOBULINSAND ANTIBODIES

Antibodies, proteins that combat foreign substances
in the body, are associated with the globulin frac-
tion of the immune serum (see IMMUNITY). As stated
previously, when the serum globulins are separated into
a-, p-, and y-fractions, antibodies are associated with the
y-globulins. Antibodies can be purified by precipitation
with the antigen (i.e., the foreign substance) that caused
their formation, followed by separation of the antigen-
antibody complex. Antibodies prepared in this way consist
of a mixture of many similar antibody molecules, which
differ in molecular weight, amino acid composition, and
other properties. The same differences are found in the
y-globulins of normal blood serums. It is believed that the
y-globulin of normal blood serum is a mixture of thou-
sands of different y-globulins, each of which occurs in

(CH,CO)S.Y.S. M.E.H.E.R.W.G.K.P.V(CONH,) porcine a-MsH, melanocyte-stimulating hormone

DS.GPY.KMEHERWGS.P.PKD
A.EK.K.D.EGPY.KMEHFRWGSPPKD

porcine 3-MsH

human 8-MsH

Deri-
vation of
pituitary
hormones

SY.S.MEH.FRWGKPV.GKKRRPVKVY.PDGAEDQ.LAEAFPLEF porcine g8-corticotropin

Formula 11: The amino acid seauence of hormones produced by the intermediate Dart of
the pituitary gland. The amino acid sequence, M.E.H.F.R.W.G. occurs in all melanocyte-
stimulating hormones and in adrenocorticotropic hormones (corticotropins).
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amounts too small for isolation. Because the physical and
chemical properties of normal y-globulinsare the same as
those of antibodies, the y-globulins are frequently called
immunoglobulins. They may be considered to be antibod-
ies against unknown antigens. If solutions of y-globulin
are resolved by gel filtration through dextran, the
first fraction has a molecular weight of 800,000. This
fraction is called IgM or yM; Ig is an abbreviation for
immunoglobulin and M for macroglobulin. The next two
fractions are IgA (yA) and IgG (yG), with molecular
weights of about 300,000 and 150,000, respectively. Two
other immunoglobulins, known as IgD and IgE, have
also been detected in much smaller amounts in some im-
mune sera.

The bulk of the immunoglobulins is found in the IgG
fraction, which also contains most of the antibodies. The
IgM molecules are apparently pentamers—aggregates
ﬁfovg: ethglfr I\l/% sIucL}Jni?éo%gc‘tl)lgTinIg&c%(r)ogac l‘(:){?lgo%
disulfide bonds in the form of a pentagon. The IgA mole-
cules are found principally in milk and in secretions of
the intestinal mucosa. Some of them contain, in addition
to a dimer of IgG, a "secretory piece,"” the structure of
which is not yet known. TheIgM and IgA immunoglobu-
lins and antibodies contain 10 to 15 percent carbohy-
drate; the carbohydrate content of the IgG molecules is 2
to 3 percent.

IgG molecules treated with the enzyme papain split into
three fragments of almost identical molecular weight of
50,000. Two of these, called Fab fragments, are iden-
tical; the third is abbreviated Fc. Reduction to sulf-
hydryl groups of some of the disulfide bonds of I1gG results
in the formation of two heavy, or H, chains (molecular
weight 55,000) and two light, or L, chains (molecular
weight 22,000). They are linked by disulfide bonds in
the order L—H—H—L.Each H chain contains four in-
trachain disulfide bonds, each L chain contains two. The
structure of antibodies and normal immunoglobulins of
the 1gG type is shown in Figure 6.

Antibody preparations of the IgG type, even after re-
moval of IgM and IgA antibodies, are heterogeneous.
The H and L chains consist of alarge number of different
L chains and a variety of H chains. Pure IgG, IgM, and
IgA immunoglobulins, however, occur in the blood se-
rum of patients suffering from myelomas, which are ma-
lignant tumours of the bone marrow. The tumours pro-
duce either an 1gG, an IgM, or an IgA protein, but
rarely more than one class. A protein called the Bence-
Jones protein, which is found in the urine of patients
suffering from myeloma tumours, is identical with the
L chains of the myeloma protein. Each patient has a
different Bence-Jones protein; no two of the more than
100 Bence-Jones proteins that have been analyzed thus
far are identical. It is thought that one lymphoid cell
amona hundreds of thousands becomes malignant and
multiplies rapidly, forming the mass of a myeloma tu-
mour that producesone y-globulin.

Analyses of the Bence-Jones proteins have revealed that
the L chains of man and other mammals are of two quite
different types, kappa («) and lambda (A). Both con-
sist of approximately 220.amino acids. The N-terminal
halves of k- and A-chains are variable, differing in each
Bence-Jones protein. The C-terminal halves of these
same L chains have a constant amino acid sequence of ei-
ther the «- or the A-type. Thefact that one half of a pep-
tide chain isvariable and the other haf invariant is con-
tradictory to the view that the amino acid sequence of
each peptide chain isdetermined by one gene (see GENE) .
Evidently, two genes, one of them variable, the other
invariant, fuse to form the gene for the single peptide
chain of the L chains. Whereas the normal human L
chains are always mixtures of the k- and A-types, the
H chains of IgG, IgM, and IgA are different. They have
been designated as gamma (y), mu (¢), and apha («)
chains, respectively. The N terminal quarter of the H
chains has a variable amino acid sequence; the C terminal
three-quarters of the H chains have a constant amino acid
sequence, asindicated in Figure 6.

Some of the amino acid sequences in the L and H chains

— /,7 7 O® = intra-chain disulfide bonds
L el OGO = inter chain disulfide bonds
Figure 6: Diagram of an 1gG immunogiobulin. Two heavy

chains (H} and twao light chains (L) are linked to each other
by inter-chain disulfide bonds. Intra-chain disulfide bonds
cause loops to formin the 12 peptide portions, each of which

containg about 110 amino acid residues. The 12 peptide
regions have cystine residues at similar positions and other
similaritiesin their amino acid sequences. The broken lines
represent variable portions and the solid lines represent
constant portions of the chains. Specific sites that bind antigens
are formed by the variable portions. The vertical arrow
indicates cleavage of the 1gG molecule into two Fab fragments
and one Fc fragment by the action of the enzyme papain.

are transmitted from generation to generation. Thus, the
constant portion of the human L chains of the «-type
has in position 191 either valine or leucine. They corre-
spond to two alleles (character-determining portions) of
a gene; the two types are called alotypes. The valine-con-
taining genetic type has been designated as InV(a%),
the leucine-containing type as InV(b*). Many more
alotypes, called Gm allotypes, have been found in the
gamma chainsof the human IgG immunoglobulins; more
than 20 Gm allotypes are now known. Certain combina-
tions of Gm types occur; the combination of Gm types
5, 6, and 11 has been found in Caucasians and Negroes
but not in Chinese; the combination of 1, 2, and 17 has
not been found in Negroes; and the combination of 1, 4,
and 17 has not been found in Caucasians. Allotypes have
also been discovered to occur in rabbits, mice, and other
animals.

It is understandable from the occurrence of alarge num-
ber of allotypes that antibodies, even if produced in re-
sponse to a single antigen, are mixtures of different allo-
types. The existence of several classes of antibodies, of
different allotypes, and of adaptation of the variable por-
tions of antibodies to different regions of an antigen mol-
ecule results in a multiplicity of antibody molecules even
if only a single antigen is administered. For this reason it
has not yet been possible to unravel the amino acid se-
quence in the variable portion of antibody molecules.
Much of the amino acid sequence in the constant regions
of the L and H chains of man and rabbit immunoglobu-
lins, however, has been resolved.
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Protestantism

Protestantism, characterized by its belief in the doctrine
of justification by grace through faith, the authority of
the Bible, and the universal priesthood of believers, is
(along with Roman Catholicism and Eastern Orthodoxy)
one of the three major branches of Christianity.

This article is divided into the following sections:

Nature and significance
The origin and meaning of the term Protestant
Historical and cultural importance
History
The heritage of the magisterial Reformers (classca Prot-
estantism)
The heritage o the radical Reformers (“left-wing” Prot-
estantism)
Theological and social movements in Europe and the
Americasthat modified the Reformation heritage
Teaching, worship, and organization
Common principles, ideas, and practices d the magis
terial Reformersand their successors
Common principles, ideas, and practices d the radica
Reformers and their successors
Protestantism's influence in the modern world
Influence on nationalism
Influence on socid ethics
Influence on the arts
Ecumenical concerns
Conclusion

NATURE AND SIGNIFICANCE

The origin and meaning of the teem Protestant. The
name Protestant was given to a collection of Christian
parties at the Diet of Speyer, an assembly of the Holy
Roman Empire, in Germany in 1529. It has since been
applied to virtually all non-Roman Catholic Western
Christianity. Though such a negative definition (*'non-Ro-
man Catholic™) may be emotionally unsatisfying to Prot-
estants, and though it may impart almost no clue as to the
doctrinal substance of this branch of Christianity, it is
perhaps the only terminology that is both inclusive and
accurate.

In theory, Protestantism has stood for a principle of
protest that calls under judgment not only the beliefs and
institutions of others but aso one's own movements and
causes. On those grounds, however, most students of
Protestantism would recognize that the Protestant tradi-
tion has not been substantially more successful than have
other faiths at remaining self-critical or at rising above
institutional self-defensiveness.

Within the spectrum of non-Roman Catholic Western
Christianity, agreat variety of doctrinal viewsand polities
have been expressed. Not all Western non-Roman Catho-
lic Christians have been ready to be included in Protes-
tantism. Some Anglicans and Lutherans, for instance,
have been so eager to stress their continuity with the
historic Roman Catholic Church and their distance from
extreme Protestantism that they have asked for separate
designations. Courtesy suggests that such appeals be taken
seriously; however, ultimately habits of speech and socio-
logical usage tend to predominate and, despite their pro-
testations, these groups are usualy included in the Prot-
estant cluster.

Historical and cultural importance. However difficult
it may be to define Protestantism, there are no problems
in indicating its world-historical importance. The rise
of the Reformers in the 16th century meant the begin-
ning of the end of a unified religiousforcein the Western
world. Never again could the civil and religious realms
cohere on a transnational basis. The ancient spiritual
centre of the culture had been criticized and questioned,
and Western men could never again so easily unite on
values as they had before the rise of Protestantism.

Hundreds of millions of people have found in Protes-
tantism a means to express their faith. Whole populations
(in Germany, Scandinavia, The Netherlands, the British
Isles, and early America) have been termed " Protestant™
by demographers. From these bases, Protestant culture
has been transported, along with Western technology,
capitalism, democratic government, and educational ide-
als, throughout the world.
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Those who argue that there is an "essentia' Protes-
tantism usually stress its witness to the gracious justi-
fication of man by God or to Protestant reverence for and
submission to the Bible. Others point to its stress and
enlargement of the role of thelaity. Some parts of each of
these teachings, however, are adhered to by many Roman
Catholics and denied by many Protestants. It seems inad-
visable, therefore, to speak of an essential Protestantism
and instead more suitable to seek for unifying strands,
positions of consensus, and varieties of historical manifes-
tations.

HISTORY

The heritage of the magisterial Reformers (classical
Protestantism).  Protestantism is older than the Diet of
Speyer. It has often been traced to some late medieval re-
formist elements in the Roman Catholic Church, among
them the Hussites (followers of Jan Hus, 1371-1415) in
Bohemia, the Wycliffitesand Lollards (followers of John
Wycliffe, died 1384) in England, and the followers of
Girolamo Savonarola (1452-98) in Italy. These reform-
ist beginnings were consolidated and advanced in the heart
of the European continent in the second decade of the
16th century, when the Catholic monk Martin Luther
(1483-1546) experienced a rediscovery of grace and
began to propagate his teachings at the expense of his
and others' loyalty to the existing Catholicism.

Almost simultaneously, Protestantism took rise in Swit-
zerland, first under the efforts of Huldrych Zwingli
(1484-1531) and his colleagues and later through John
Calvin (1509-64). From there, Reformed Christianity
spread to the Lowlands and to Scotland. In England,
during the reign of Henry VIII (1509-47), submission
to the pope was rejected, and the Church of England was
born as still another manifestation of Protestantism, un-
der the tutelage of Thomas Cranmer (1489-1556) and
others. These men and hundreds of almost as well-known
associates helped spread the Protestant movement into
northern and central Europe and, a century later, to
North America

At the heart of earliest Protestantism was a rejection of
the medieval Catholic system, wherein men were regard-
ed as having been brought back to God in part through
their own merits and effortsand also through the media-
tion of asacramental and clerical system. The Protestants
wanted to see men free of that system, more immediately
responsible to God, and freer to experience grace. The
conservative Reformers at first trembled at what they
were doing, fully aware of the personal risks involved as
well as conscious of what they were doing to the fabric of
social life and of inherited theology and piety. They be-
lieved that compensatory values were present, however:
truth would be served even if old vows of obedience had
to be broken.

These conservative Reformers, sometimes called "magis-
terial" (established), were often reluctant to push ahead.
They engaged in prolonged efforts to make their early
efforts intelligible to Rome and seemed genuinely reluc-
tant to spawn separate movements in their own names.
One by one, however, they were excommunicated or
made uncomfortable in Roman Catholicism, or they saw
that their doctrinal or ecclesiastical positions drove them
increasingly from its sphere of influence. The Protestant
movement thus evolved into groups of churches, often
organized according to the outlines on the map of the
modern nations that were beginning to be formed in that
period.

Without recent precedent for their acts, they turned to
the Biblefor guidance about church governance. Some of
them, the Anglicans in particular, retained bishops as part
of the "apostolic succession” and thus shared some Ro-
man Catholic viewsof church order. Lutherans ordinarily
retained bishops, but on differing rationales, without al-
ways claiming the succession or arguing that episcopacy
was essential to the life of the church. On Calvinist Re-
formed soil, the presbyterian order, also with biblical
precedent, was established; init, lay elders helped govern,
and their ""synods" allowed for common action between
congregations. Still other Protestants, including most of
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those who belonged to the radical Reformation parties
(e.g., Anabaptists), considered that the only way to keep
a pure church wasto follow what they regarded to be the
New Testament policy of having local control in congre-
gations. The result was a crazy-quilt pattern of Protestant
views of church authority, and non-Roman Catholic
Christianity in the West was never able to resolve its
differences or to find the kind of unity Roman Catholics
had under the pope.

The heritage of the radical Reformers ("left-wing"
Protestantism). Repudiation of the Roman Catholic
sacramental system did not mean that Protestants would
do without sacraments, but they never agreed on their
meaning. This was typical of afundamental problem that
haunted the evangelical, or Protestant, parties: how sweep-
ing should reform be? Some Reformers, psychologically
attuned to peopl€e's love of tradition and habit, wanted
to be moderate and to save everything they had known
except that which manifestly stood in the path of the
Gospel. The radical Reformers believed that the church
of their day was grossly apostate and could not be rescued;
instead, there was to be restoration or restitution of
original and primitive (New Testament) Christianity.

The question of the extent of reform led to persecution
within Protestantism, for the conservative parties tended
to be established by the respective states and were em-
barrassed by their radical cousins as much as Catholic
Christians were. They viewed the radicals as threats to
both the civil order and their own ministries, and they
made every kind of effort, including persecution and the
making of martyrs, to bring the radical sectarians into
line. Their efforts, however, were without consistent suc-
Cess.

Theological and social movements in Europe and the
Americas that modified the Reformation heritage. Orig-
inal Protestantism went through many developments.
It is possible, however, to see considerable coherence
from denomination to denomination on an international
basis through more than four and a half centuries. To
say that is to note that the Protestant witness is often
shaped by "the spirit of thetimes™" and that some common
problems produced similar solutions that transcended
confessional or creedal differences. A chronological sur-
vey of Lutheranism, then, would find many of the same
kinds of forces present in differing epochs as would a
comparable survey of Calvinism or Anglicanism. Whileit
will be important through most of this article to concen-
trate on the original definitions and early transformations,
a survey of these epochs or episodes will provide back-
ground for understanding Protestant devel opment.

Reformation social movements. During the origins of
Protestantism in the Reformation period there was an
outbreak of reform and experiment. Sociologists of reli-
gion regularly note that the first generation of a move-
ment often relies on the sometimeserratic, exciting words
and actions of charismatic prophets who cannot give sta-
bility or provide settlement. In the case of Protestantism,
this meant yearsof at first timid and then violent rejection
of the church, of efforts at common work that were soon
frustrated in competition of Lutherans versus Reformed,
Continent versus England, and other rivaries. This was
a period of polemics, of occasional vandalism and image
burning, of called-for and aborted revolution (e.g., the
Peasants' Revolt of 1524-25 in Germany), and of afull
range of options from a conservative tampering with lit-
urgy to claims that new messiahs with special revelations
were present.

By the middle of the 16th century there were attempts at
political settlements of religious problems. Wherever in
Europe the Reformation eventually prevailed, the classi-
cal Reformation churches (i.e., Lutheran, Anglican, Re-
formed) early became well established, but some minor
religious wars and some truces (e.g., the Peace of Augs-
burg in 1555 or the Elizabethan settlement, beginning in
1559) were necessary before permanent forms could be
recognized. The accent later fell on regularizing church
order, developing hymns and liturgies, preserving the
writings of the various Protestant founders, and learning
responsibility for churchmanship.

Periods d Protestant orthodoxy, Puritanism, and Pi-
etism. The end of the 16th century and the first half
o the 17th was a period of another interterritorial and
transconfessional phenomenon, a time of doctrinal def-
inition. Even the radical Reformers, who were sometimes
anti-intellectual in outlook, found themselvesimpelled to
articulate their dogmatic positions. To a greater extent,
men with a passion for orthodoxy and alove of intellec-
tualization used the Protestant-dominated universities of
northwestern Europe as a base for formulating creedal
positions. As authors of huge, multivolume works of doc-
trine, they prided themselves on their ability to relate
their Reformers positions to the various philosophies
then prevailing.

By the end of the 17th century in almost every Protes-
tant region, reaction had set in. In England, Puritanism
carried the Reformation further; it passed through a
time of intellectualization toward a new kind of piety
that often verged on mysticism. On Reformed and Lu-
theran soil the movement known as Pietism served as a
counterpart to this phase of Puritanism. The Pietists, typ-
ified by the German Philipp Jakob Spener (1635-1705),
were not ill at ease in intellectual circles. They even es-
tablished universities of their own. But the Pietists under-
valued intellect and made more of religious devotion and
passion. Not eager to upset the whole established order,
they did want to vivify it. Consequently they developed
smaller, more intimate circles for prayer and worship.
They learned to speak to each other of their hearts' con-
cerns. They traded on the doctrine of the orthodox period
but wanted to help produce new works of love. Signif-
icantly, they helped initiate the period of Protestant mis-
sionary and benevolent activities.

Rationalist and Evangelical Protestantism.  Just as Pi-
etism appeared almost wherever Protestantism did, so did
its heir, its successor, and its competitor, Rationalist
Protestantism. In Germany, men like the philosophers
Gottfried Wilhelm Leibniz (1646-1716) and Gotthold
Ephraim Lessing (1729-81) drew on Protestant resources.
In The Netherlands, Hugo Grotius (1583-1645) had in-
corporated "natural law" philosophies into his Christian
system. In England, the moderate Deists related positive-
ly to some forms of witness, and Anglicanism produced
latitudinarian clerics---men of an Arminian persuasion
(i.e., adherents of the views of the liberal Dutch Cal-
vinist Jacobus Arminius) who stressed the benevolence
of the deity, the capability of man, the importance of
morality and reasonableness, and the need for tolerance.
Many of them occupied Anglican pulpits and even bish-
oprics, or taught in theological faculties. From the Pietist
era they carried over a view that minimized doctrinal
differences, but they were now much more interested in the
mental and moral aspects of man's life than they were in
hispiety.

That late 18th-century form of Protestantism may have
been more or less restricted to its clerical and theological
leadership, but its viewpoint seeped into the broader
streams of the laity. The subsequent Protestant phase,
often called “evangelicalism,” was a very widespread
popular movement, attracting clergy and laymen of all
Protestant communions. Evangelicalism reacted against
the elitism of rationalism and the intellectualism of both
orthodoxy and the Enlightenment.

Generally conservative in its theological position, evan-
gelicalism emphasized doctrines concerning